
VOLUMEVOLUMEVOLUMEVOLUME----4 , ISSUE4 , ISSUE4 , ISSUE4 , ISSUE----2222 

Date: Date: Date: Date:         01010101----09090909----2012201220122012    

 
International Journal of Advances in 
 Engineering & Technology (IJAET) 

 

SMOOTH, SIMPLE AND TIMELY PUBLISHING 

OF REVIEW AND RESEARCH ARTICLES! 

ISSN : 2231-1963  



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 
 

i Vol. 4, Issue 2, pp. i-vi 
 

Table of Content 

S. No. Article Title & Authors (Vol. 4, Issue. 2, Sept-2012) Page No’s 

1.  
Prediction Failure for PEM Fuel Cells 

Vasile Anghel 
1-14 

2.  

Investigating the Role of Reflected Electrons in Multipactor 

Breakdown for TE10 Mode Configured Rectangular Waveguides  

Akoma Henry E.C.A, Adediran Y.A 

15-24 

3.  

Input-Output Linearizing Control of Pumping Photovoltaic system: 

tests and Measurements by micro-controller STM32  

Dhafer Mezghani
1
 and Abdelkader Mami 

25-37 

4.  

A Study of Dynamic Optical Tweezers Generation for 

Communication Networks 

I. S. Amiri, A. Shahidinejad, A. Nikoukar, J. Ali, P. P. Yupapin 

38-45 

5.  
Optimizing the Wavelet Parameters to Improve Image Compression 

Allam Mousa, Nuha Odeh 
46-52 

6.  

Major theories of construction accident causation models: a literature 

review 

Seyyed Shahab Hosseinian, Zahra Jabbarani Torghabeh 

53-66 

7.  

Optimal Block Replacement Model for Air Conditioners using Higher 

Order Markov Chains With & Without Inflation 

Y Hari Prasada Reddy, C. Nadhamuni Reddy, K. Hemachandra Reddy 

67-78 

8.  
Speckle Noise Reduction Using 2-D FFT in Ultrasound Images  

Kamalpreet Kaur, Baljit Singh and Mandeep Kaur 
79-83 

9.  
Simulation-Based Comparisons of TCP Congestion Control  

Ehab A. Khalil 
84-96 

10.  

Slot Loaded Electrically Small Rectangular Patch Antenna for 

MIMO Applications 

Mahesh C. Bhad
 
and Veeresh G. Kasabegoudar 

97-102 

11.  

Application of Satellite Images and Comparative Study of Analytical 

Hierarchy Process and Frequency Ratio Methods to Landslide 

Susceptibility Mapping in Central Zab Basin, Nw Iran 

H. Shahabi, S. Khezri, B. B. Ahmad and Hamid Allahverdiasl 

103-112 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 
 

ii Vol. 4, Issue 2, pp. i-vi 
 

12.  
Rotational Shifts and Building Blocks based Security Cipher 

Ch. Rupa, R. Sudha Kishore, P. S. Avadhani 
113-119 

13.  

Comparative Performance Exploration of AODV, DSDV & DSR 

Routing Protocol in Cluster Based VANET Environment 

Yatendra Mohan Sharma & Saurabh Mukherjee 

120-127 

14.  
Performance Analysis of Optical Ringo Networks 

Pardeep Kaur
 

128-137 

15.  
Multi-Class Traffic Management in 4G Network  

Damodar Nayak and Rabindra Kumar Dale 
138-147 

16.  

Comparative Analysis of Modified Register Exchange Method and 

Trace Back Method of Viterbi Decoder for Wireless Communication  

H. Singh, R. K. Vyas and Deepak Raghuvanshi 

148-155 

17.  

Design and Layout of a Robust Low-Power Self-Timed SRAM at 

180nm 

Haripal Kochhar, Subodh Kansal
 
and Sharmelee Thangjam 

156-166 

18.  
VMM Based Constrained Random Verification of an SoC Block 

Swathi M. Mohan
 
and J. C. Narayana Swamy 

167-172 

19.  

Comparative Study of Data Mining Algorithms for High Dimensional 

Data Analysis  

Smitha .T, V. Sundaram 

173-178 

20.  

A Comparative Study on Neural Net Classifier Optimizations 

Subhendu Sekhar Behera, Sangeeta Bhanja Chaudhuri, and Subhagata 

Chattopadhyay 

179-187 

21.  
A Data Mining Model for Feasibility Analysis of Mineral Projects  

Jamal Shahrabi, Zohreh Sadat Taghavi 
188-194 

22.  

Static Characteristics of Stiffened Conoidal Shell Roofs under 

Concentrated Load 

Nibedita Pradhan
  
and Joygopal Jena 

195-205 

23.  

Combined Impact of Biodiesel (Meno) and Exhaust Gas Recirculation 

on NOx Emissions in DI Diesel Engines 

B. Jothithirumal,
 
E. James Gunasekaran 

206-215 

24.  
An Improved GA-MILSVM Classification Approach for Diagnosis of 

Breast Lesions from Stain Images 
216-227 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 
 

iii Vol. 4, Issue 2, pp. i-vi 
 

P. Tamije Selvy, V. Palanisamy and T. Purusothaman 

25.  

Inverse Tangent based Resolver to Digital Converter - A Software 

Approach 

S. Chandra Mohan Reddy and K. Nagabhushan Raju 

228-235 

26.  
Hybrid Routing Protocol Simulation for Mobile Ad hoc Network 

Makarand R. Shahade 
236-246 

27.  

Comparative Study of Non-Local Means and Fast Non –Local Means 

Algorithm for Image Denoising 

Deepak Raghuvanshi, Hardeep Singh, Pankaj Jain and Mohit Mathur 

247-254 

28.  

Minimum Rule Based PID Sliding Mode Fuzzy Control Techniques 

for Brushless DC Motor Drives 

C. Navaneethakkannan and M. Sudha 

255-265 

29.  
Feature Based Fusion Approach for Video Search  

Ameesha Reddy, B. Sivaiah, Rajani Badi, Venkateshwararaju Ramaraju 
266-275 

30.  
Robust Kalman Filtering for Linear Discrete Time Uncertain Systems 

Munmun Dutta, Balram Timande and Rakesh Mandal 
276-283 

31.  
Energy Conservation in an Institutional Campus: A Case Study 

Pradeep H. Zunake &
 
Swati S. More 

284-291 

32.  
An Osteoarthritis Classifier using Back Propagation Neural Network 

Suvarna Mahavir Patil and R.R. Mudholkar 
292-301 

33.  

Framework for Early Detection and Prevention of Oral Cancer Using 

Data Mining 

Neha Sharma and Hari Om 

302-310 

34.  

Design and Analysis of Dual-Band C-Shaped Microstrip Patch 

Antenna 

Amit Kumar Gupta, R. K. Prasad, D. K. Srivastava 

311-317 

35.  

Scalable Parallel Counter Architecture based on State Look-Ahead 

Logic 

Kumari Arati and Suganya. S
 

318-323 

36.  

Future Aspects Solar Panel Installation on Closed Landfills 

Prajnasmita Mohapatra, S. M. Ali, Sthita Prajna Mishra,
 

Arjyadhara 

Pradhan 

324-332 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 
 

iv Vol. 4, Issue 2, pp. i-vi 
 

37.  
Geothermal Energy: New Prospects 

Vinay Kakkar, Nirmal Kr. Agarwal and Narendra Kumar 
333-340 

38.  

Experimental investigation on the Performance and Emission 

Characteristics of a Diesel Engine Fuelled with Ethanol, Diesel and 

Jatropha based Biodiesel Blends 

Shyam Pandey, Amit Sharma, P. K. Sahoo 

341-353 

39.  

Semantic Information Retrieval using Ontology and SPARQL for 

Cricket 

S. M. Patil, D. M. Jadhav 

354-363 

40.  
Computational Approach to Count Bacterial Colonies  

Navneet Kaur Uppal, Raman Goyal 
364-372 

41.  
Designing for Construction Workers’ Safety 

Zahra Jabbarani Torghabeh, Seyyed Shahab Hosseinian
 

373-382 

42.  

Learners’ Performance Evaluation and Knowledge Extracting using 

Ontological Reasoning 

Sami A. M. Al-Radaei, R. B. Mishra 

383-391 

43.  

A Biological Approach to Enhance Strength and Durability in 

Concrete Structures 

Srinivasa Reddy V., Achyutha Satya K., Seshagiri Rao M. V.,  

Azmatunnisa M. 

392-399 

44.  

A Template System Perspective to Faster, Lower Cost and Quality 

Web Application Development 

Udai Arora
 

400-404 

45.  

Defensive Measures for Topology Maintenance Protocols 

Barigala Lydia Sravanthi, Yaramati Sarada Devi, Pulabam Soujanya,  

T. Dharma Reddy 

405-414 

46.  

Improving the Efficiency of Clustering by using an Enhanced 

Clustering Methodology 

Bikram Keshari Mishra, Nihar Ranjan Nayak, Amiya Kumar Rath, 

Sagarika Swain 

415-424 

47.  

An Inverted Sine PWM Scheme for New Eleven Level Inverter 

Topology 

Surya Suresh Kota and M. Vishnu Prasad Muddineni 

425-433 

48.  Performance Analysis of New Low Complexity Signum Algorithms 434-443 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 
 

v Vol. 4, Issue 2, pp. i-vi 
 

for Beam Formation 

Kishore M., Ashwini V. R. Holla, H. M. Guruprasad, Ramesh K. 

49.  
A Layered Approach to Enhance Detection of Novel Attacks in IDS 

Neelam Sharma, Saurabh Mukherjee 
444-455 

50.  

A Study on Authenticated Admittance of ATM Clients using 

Biometrics based Cryptosystem 

M. Subha and S. Vanithaasri 

456-463 

51.  

A Novel Design for Highly Compact Low Power Area Efficient 1-Bit 

Full Adders 

Shamima Khatoon 

464-473 

52.  

Language Learning and Translation with Ubiquitous Application 

Through Statistical Machine Translation Approach   

Sandeep R. Warhade, Prakash R. Devale and S. H. Patil 

474-481 

53.  
Dual Tree Complex Wavelet Transform for Digital Watermarking 

Jayavani Adabala and K. Naga Prakash 
482-492 

54.  

Low Cost Broadband Circular Patch Microstrip Antenna using 

IDMA Configuration 

Dushyant Singh, P. K. Singhal
 
and Rakesh Singhai 

493-501 

55.  

Acoustic Noise Cancellation using Robust RLS Algorithm: A 

Comparative Result Analysis 

A. Agarwal, P. Shukla 

502-507 

56.  
SAR Image Classification using Fuzzy C-Means 

Debabrata Samanta, Goutam Sanyal 
508-512 

57.  

Performance Analysis of Two Hops Amplify and Forward Relay 

Based System for OFDM and Single Carrier Communications 

Mohammad Masum Billah, Kyung Sup Kwak 

513-523 

58.  

BER Analysis of Minimum and Maximum Power Adaptation 

Methods using HAAR Wavelet Image Transmission using BPSK 

Modulation 

M. Padmaja, P. Satyanarayana, K. Prasuna 

524-532 

59.  
The Project of Rescue and Relief Depots Package in Natural Disasters 

Masood Rahimi, Saied Ijadi
 
and Ali Sahebi 

533-537 

60.  Influence of Fly Ash and Densified Silica Fume as Additives on 

Mechanical Properties of Coir Fiber Reinforced High-Strength 
538-546 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 
 

vi Vol. 4, Issue 2, pp. i-vi 
 

Concrete 

Sara Soleimanzadeh and Md Azree Othuman Mydin 

61.  
Enhanced AES Algorithm for Strong Encryption 

V. Sumathy & C. Navaneethan 
547-553 

62.  

Grid Code Maintenance when Wind DG Integrates with the Grid 

using STATCOM 

Surekha Manoj and P. S. Puttaswamy 

554-563 

63.  
A Review on Supply of Power to Nanorobots used in Nanomedicine 

Kailash Chandra Mishra 
564-571 

 

               Members of IJAET Fraternity             A - J 

 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

1 Vol. 4, Issue 2, pp. 1-14  
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ABSTRACT  

A new conceptual methodology and some methods are used to predict failures that could potentially occur in 

Proton Exchange Membrane Fuel Cell (PEMFC) systems.  The combination methods for prediction durability 

and safety for fuel cell design starting with matrices of technological process, function, components and 

requirements for PEM fuel cell systems. After input with characteristic date are applied adequate some methods 

like Failure Modes and Effects Analysis (FMEA), fuzzy method and Fault Tree Analysis (FTA) for prognostic 

and analysis failure for PEMFC system or/and components, like product or/and process. For application and 

solving objectives according to the methodology proposed, as a case study to consider the methods specified for 

fault prediction in a PEM fuel cell type, based on analysis of process parameters like pressure flow of hydrogen 

and oxygen (or air), electric voltage, electric current and the humidification of the proton exchange membrane. 

These variables determining the functioning of the fuel cell are adequately analyzed with Fuzzy Fault Tree 

method (FFT). Methodology algorithm is solved using LabVIEW software provided by the National Instruments. 

The proposed methodology is validated by specified references from scientific literature under experimental and 

modelling appearance. 

  KEYWORDS: PEM Fuel Cells, Design, Durability, Reliability, FMEA 

I. INTRODUCTION 

Fuel cells are an important enabling technology for the world's energy and have the potential to 

revolutionize the way we power our necessity, offering cleaner, more-efficient alternatives to 

conventional fuels. Fuel cells have the potential to replace the internal-combustion engine in vehicles 

and provide power in stationary and portable power applications because they are energy-efficient, 

clean, and fuel-flexible, but for that is necessary continuum scientific effort for overcome critical 

technical barriers to fuel cell market. Lifetime requirements by market fuel cell application. Required 

lifetimes must be achieved over a range of operational conditions, both expected and “out-of-spec”.  

It is expected that in 2015 lifetime of fuel cell requirements for transportation applications are 5000 h 

(cars) and 20,000 h (buses), and for on-site cogeneration systems 40,000 h. Currently, the lifetimes of 

fuel cell vehicles and stationary cogeneration systems are around 1700 h and 10,000 h, [1]. 

Other key system attributes must be simultaneously satisfied. Current R&D focuses on the 

development of reliable, low-cost, high-performance fuel cell system components for transportation 

and buildings applications. However, several challenges still remain, including durability/reliability, 

cost, and performance, particularly for automotive and stationary applications. Durability has emerged 

as the top challenge. 

PEM fuel cells consist of many components, including catalysts, catalyst supports, membranes, gas 

diffusion layers (GDLs), bipolar plates, sealings, and gaskets. Each of these components can degrade 

or fail to function, thus causing the fuel cell system to degrade or fail. Component degradation 

includes, but is not limited to, catalyst particle ripening, preferential alloy dissolution in the catalyst 
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layer, carbon support corrosion, catalyst poisoning, membrane dissolution, loss of sulfonic acid 

groups in the ionomer phase of the catalyst layer or in the membrane, bipolar plate surface film 

growth,  hydrophilicity  changes  in  the  catalyst  layer  and/or  GDL,  and  poly tetra fluoro ethylene 

(PTFE) decomposition in the catalyst layer and/or GDL. It is therefore important to separate, analyze, 

and systematically understand the degradation phenomena of each component so that novel 

component materials can be developed and novel design for cells/stacks can be achieved to mitigate 

insufficient fuel cell durability. 

The paper approach is based on a conception methodology (Figure 2), which allows adaptation of 

means (methods) to existing needs for continuous improvement type PEM fuel cell design. The goal 

is to predict possible failures due to an initial design and design review process in accordance with 

Figure 1. After input with characteristic date is applied adequate some methods like fuzzy method 

[24], and Fault Tree Analysis [25], Failure Modes and Effects Analysis (FMEA) [26], for prognostic 

and analysis failure for PEMFC system or/and components, like product or/and process. For 

application and solving objectives according to the methodology proposed, as a case study to consider 

the methods specified for fault prediction in a PEM fuel cell type, based on analysis of process 

parameters like pressure flow of hydrogen and oxygen (or air), electric voltage, electric current and 

the humidification of the proton exchange membrane. These variables determining the functioning of 

the fuel cell are adequately analyzed with Fuzzy Fault Tree method. Methodology algorithm is solved 

using LabVIEW software provided by the National Instruments. The proposed methodology is 

validated by specified references from scientific literature under experimental and modelling 

appearance. 

II. PROBLEM FORMULATION  

More papers have been published considering the fuel cell (FC) operation in normal conditions; but 

much less of them addressed the FC operation under fault conditions. Faults are events that cannot be 

ignored in any design for real machine, and quantify their consideration is essential for improving the 

performance in design of equipment based on fuel cell.  

 

 

The performance of a PEM fuel cell or stack is affected by many internal and external factors, such as 

fuel cell design and assembly, degradation of materials, operational conditions, and impurities or 

contaminants.  

Performance degradation is unavoidable, but the degradation rate can be minimized through a 

comprehensive understanding of degradation and failure mechanisms. 

 In order to clearly understand the concepts of PEM fuel cell lifetime and performance is better to first 

clarify several relevant terms [2–4]: 

• Reliability: The ability of a fuel cell or stack to perform the required function under stated 

conditions, for a period of time. Combination of degradation, and failure modes that lead to 

catastrophic failure. 

• Durability: The ability of a PEM fuel cell or stack to resist permanent change in performance over 

time i.e. degradation or irreversible degradation like as due to loss of electrochemical surface area, 

carbon corrosion, etc.  This phenomena is related to ageing. 

 
 

Figure 1. FMEA for revise design 
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• Stability: The ability to recover function of efficiency, voltage or current density decay, reversible 

degradation or power lost during continuous operation. Stability decay is always concerned with 

operating conditions (such as water management) and reversible material changes. 

  

In this paper performance in design fuel cell system is based on conceptual reliability cycle that 

included few integrated engineering methods like Fault Modes, Effect and Critically Analysis 

(FMEA) [26], Fault Tree Analysis (FTA) and Fuzzy logic (figure 1). 

2.1 The PEM fuel cell model  

Fuel cell model consists of five principles of conservation: mass, momentum, species, charge, and 

thermal energy. These transport equations are then coupled with electrochemical processes through 

source terms to describe reaction kinetics and electro-osmotic drag in the polymer electrolyte.  

That system fuel cell is a complex system including the interactions of mechanical, chemical, and 

electrochemical subsystems. 

2.1.1 Modelling of the PEMFC system  

The mathematical models of PEMFC can be found in the literature like in [5–8]. Basically, a model of 

PEMFC consists of an electro-chemical and thermo-dynamical parts. Correa et al. [5] introduce an 

electro-chemical model of a PEMFC to validate this model; the polarization curve obtained with this 

model is compared to the polarization curve of the manufacturing data sheet.  

 
                   Figure 2. The combination method for prediction durability and safety 

for fuel cell design 
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In Ref. [9], the thermo-dynamical part of the model and the effects of different types of faults are 

included. 

The key performance measure of a fuel cell is the voltage output as a function of electrical current 

density drawn, or the polarization curve, Fig. 2 [21, 22].  

Current (rate of reaction) (i) depends on: 

• Electrode area, A; 

• Concentration of reactant, c; 

• Temperature, T; 

• The kinetic parameters i0 and α; 

• Overpotential, η;  

and is given by Butler-Volmer equation:  

 

� = ��(�
(��∝	
�

� � − �
�∝
�
� �	                                                          (1) 

The FC model is based on the calculation of voltage, temperature, and humidity, according to the 

equations considered in Ref. [5,7]. The voltage VFC of a single cell can be defined as the result of the 

following expression [5]: 

 

VFC=ENernst−Vact−Vohmic−Vcon                                                                 (2) 

ENernst is the thermodynamic potential of the cell representing its reversible voltage: 

�������� = 1.229 − 0.85 × 10� (! − 298.15	 + 4.31 × 10�%![ln)*+,- +
.
/ ln)*0,-]        (3)  

Vact  is the voltage drop due to the activation of the anode and the cathode: 

234� = −[5. + 5/	! + 5 	!78)90,- + 5:	!78(;<=	]                                             (4) 

where 5>	(� = 1…4	 are specific coefficients for every type of FC, IFC (A) is electric current, and 90, 

(atm) is the oxygen concentration: 

90, =
@A,

%,�C×.�D×��(
EFG
 	

                                                                  (5) 

Where *+,  and *0, (atm) are the hydrogen and oxygen pressures, respectively and T (K) is the 

operating temperature. 

Vohmic is the ohmic voltage drop associated with the conduction of protons through the solid 

electrolyte, and of electrons through the internal electronic resistance: 

Vohmic = IFC(RM+RC)                                                                       (6) 

where RC(Ω) is the contact resistance to electron flow and RM (Ω) is the resistance to proton transfer 

through the membrane: 

HI = JI7
K  

JI = .C.,L[.M�,� NO�PQ RM�,�L/N 	
STSR

,
NO�PQ R

,,U
]

[V��,L :� (O�PQ 	WXY	[:,.C((�STS	 	]]
																																							  (7) 

 
Figure 3. Typical Polarization Curve (for PEM Fuel Cell) 
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where JI(Ωcm) is the specific resistivity of membrane, l (cm) the thickness of membrane, A (cm
2
) 

the active area of the membrane, and Z is a coefficient for every type of membrane. 

Vcon represents the voltage drop resulting from the mass transportation effects, which affects the 

concentration of the reacting gases: 

24[� = −\78(1 − ]
]^_`

	                                                                      (8) 

where B(V) is a constant depending on the type of FC, Jmax the maximum electric current density, and 

J is the electric current density produced by the cell (A/cm
2
). In general, J=Jout+Jn where Jout is the real 

electrical output current density and Jn  is the fuel crossover and internal loss current. 

Current density of the cell is defined by the expression: 

a = b�P
c                                                                    (9) 

Considering a stack composed by several FCs, and as initial approximation, the output stack voltage 

can be considered as: 

VStack = nVFC, 

where n is the number of cells composing the stack and VFC is the cell output voltage for each 

operating condition.  

However, constructive characteristics of the stack such as flow distribution and heat transfer should be 

taken [10–14]. 

The instantaneous electrical power supplied by the cell to the load can be determined by the equation: 

*<= = ;<= × 2<=                                                                   (10) 

where *<= is the output power (Watts). 

The FC efficiency can be determined by the equation [18]: 

d = ef × g�P
.,:L																							                                                (11) 

where ef is the fuel utilization coefficient, generally in the range of 95%, and 1,48V corresponds to 

the maximum voltage that can be obtained using the higher heating value for the hydrogen enthalpy.  

The variation of temperature in the FC is obtained with the following differential equation [3]: 
hi
h� =

∆k
I=l

                                                                            (12) 

where M(kg) is the whole stack mass, Cs (JK
−1

kg
−1

) the average specific heat coefficient of the stack, 

and ∆m is the rate of heat variation (i.e. the difference between the rate of heat generated by the cell 

operation and the rate of heat removed).  

Four types of heat can be removed: heat by the reaction air flowing inside the stack (Qrem1), by the 

refrigeration system (Qrem2), by water evaporation (Qrem3), and by heat exchanged with the 

surroundings (Qrem4). 

Water forms at the cathode, and because the membrane electrolyte is very thin, water would diffuse 

from the cathode to the anode during the operation of the cell. The water formation would keep the 

electrolyte hydrated. This level of hydration is measured through the relative humidity of the output 

air. 

To calculate the relative humidity of the output air, the balance of water is establishes: output=input + 

internal generation, or in terms of the partial pressure of water:  *nopq = *nr
 + *nst
 and, also 

uH[v�*�3�_[v� = *nopq, then the uH[v� is: 

uH[v� =
@xr
M@xst


@l_q_opq
                                                            (13) 

where *nr
 is the partial pressure of the water in the inlet air, *nst
 the partial pressure of the water 

generated by the chemical reaction, and Psat_out is the saturated vapor pressure in the output air. 

The Psat is calculated from the following equation: 

*�3� = !3�yz N{RM4
.�                                                                   (14) 

If T > 273.15 K, then a=−4.9283, b=−6763.28, and c=54.22; 

The rate of water production (kg s
−1

) is calculated from the next equation [3]: 

|+,0 = 9,34 × 10�C;<= × 8                                                    (15) 

For  normal  operation  of  the  FC,  proper  temperature  and humidity  should  be  maintained.  If the 

HRout is much less than 100%, then the membrane dries out and the conductivity decreases. On the 
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other hand, a HRout greater than 100% produces accumulation of liquid water on the electrodes, which 

become flooded and block the pores, making gas diffusion difficult.  

The result of these two conditions is a fairly narrow range of normal operating conditions. In 

abnormal conditions such as flooding or drying, parameters (such as RC and Z) that are normally 

constant (Table 1) start to vary.  

The parameters of the FC model for normal conditions [6] are presented in Table 1. These parameters 

are estimated by an optimization process.  

Table 1. Parameters for the FCS 

Parameter Value 

n 4 

A[cm
2
] 60 

l[µm] 25 

*0,(atm) 0,2 

*+,(atm) 1,5 

5. − 0,948 

5/ 0,00286+0,0002lnA+(4,3×10
−5

)ln9+,  

5/ 7,22×10
−5

 

5: −1,06153×10
−4

 

Z 23 

RC(Ω) 0,003 

B (V) 0,015 

Jn (A/cm
2
)   0,022 

Jmax (A/cm
2
)   0.672 

  

III. PROBLEM SOLUTION 

Based on modelling of the PEMFC system (FCS), especially on the calculation of voltage (2), 

temperature (12), and humidity, according to the equations (13), the rate of water production (15), are 

prepared component matrices of functions according to the method of Fig. 1, then is achieved 

FMECA in LabVIEW software as in Fig. 4 and Fig.5. 

 

 

Figure 4. The front panel application of modeling and simulation EFMECA for FCS 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

7 Vol. 4, Issue 2, pp. 1-14  

 

 

To solve the optimization problem in abnormal conditions, the Simulated Annealing (SA) 

optimization algorithm was used [19], [20]. For example SA algorithm at FCM is:   

Initialization (Initial parameter set - H2  pressure) 

Calculation of the  output voltage (VS),  

LOOP 

New_State 

Calculation of the new output voltage (VS), 

IF          ∆(}~���8�	2� 	− ���	2�	 ≤ 0 

THEN 

Current_State = New_State 

ELSE 

IF     �yz(=v�����	g�����	g��,		Y�W����W
	 > H�8��|(0,1	 

THEN 

--Accept 

Current_State = New_State 

ELSE 

--Reject 

Current_State = New_State 

Decrease the H2  pressure 

EXIT When STOP_CRITERION 

END LOOP 

 

and, similar for electric current (IFC), relative humidity (HRout), and for Air pressure, too. The FCM 

was tested in different fault conditions.  

Table 2 illustrates the possible evolution of different physical parameter establish in terms of fuzzy 

logic variable.  

A fuzzy logic relates the outputs to the inputs using a list of if–then statements called rules (see Table 

3 as an example of rules). 

Table 2. Setting parameters for fuzzy analysis as input for FTA 

P(atm) Low() Normal() High() 

Vs (V) Low() Normal() High() 

IFC (A) Low() Normal() High() 

HRout(%) Low() Normal() High() 

 
 

Figure 5. Failure mode effects and critical analysis with LabView for FCS 
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For the implementation of the EFMCEA, fuzzy logic has been used. Previous research [15] and [16] 

already indicated that fuzzy logic is very suitable for FCS control. It is a good method for realizing an 

optimal trade-off between the efficiencies of all components of the FCS. It is also very robust, 

because it is tolerant to imprecise measurements and to component variability. The general strategy 

described in the previous section has been implemented using a Takagi–Sugeno fuzzy logic [24]. 

A fuzzy logic relates the outputs to the inputs using a list of if–then statements called rules (see Table 

3 as an example of rules).  

Table 3. Rule base on the fuzzy logic for top event at FTA for EFMCEA strategy 

1 If *+,is low then VS is very low 

2 If *+,is low then IFC is very low 

3 If *+,is low then HRout is low 

4 If *3>� is low then VS is low 

5 If *3>� is low then IFC is low 

6 If *3>� is low then HRout is normal 

7 If T is low then HRout is high 

8 If T is normal then HRout is normal 

9 If T is high then HRout is low 

... If ...is ... then ... is .... 

 

The fuzzy input variables in the rules are *+,, *3>�, T and the single fuzzy output variable is 

reliability. Each variable has a range, sometimes referred to as its universe of discourse. The IF part of 

a rule is its antecedent and the THEN part is its consequent. Fuzzy input variables always appear in 

rule antecedents. A rule consequent refers to one or more fuzzy output variables. The words like 

“low,“ “normal,” and “high” are adjectives describing the fuzzy variables. It is defined that adjective 

by specifying a function that gives the degree to which each value of the variable is described by the 

adjective. These functions are called membership functions because they represent degrees of 

membership in fuzzy sets. The if-part of the rules refers to adjectives that describe regions (fuzzy sets) 

of the input variable.  A particular input value belongs to these regions to a certain degree, represented 

by the degree of membership. The effects of different types of faults can be simulated adapting a 

FCM, avoiding damage to the component or vary from normal parameters of operation and improving 

the generating time of fault records. In the FC model is introduced more types of faults in PEMFC 

like: faults in the air fan, faults in the refrigeration system, growth of the fuel crossover,  faults in 

hydrogen pressure, Catalyst Degradation, Dynamic Response Characteristics and Influencing Failure 

Factors, Low Relative Humidity, Feed Starvation, Contamination Impacts and Mechanisms 

in Low-Temperature PEM FCs, etc. 

When a fault occurs, an interconnected dependence among the variables is established; in general, all 

the variables perform some kind of changes. That hinders the diagnosis of the fault cause.  To qualify 

and quantify the dependence among the variables, a FTA is constructed to conduct the fault diagnosis. 

The variables considered are the following: 
Fc = fault by fuel crossover 

Fab = fault in the air blower 

Frs = fault in the cooling system 

FHp = fault by low H2 pressure 

vaf = volume of air flow 

qgen = generated heat 

λ = stoichiometric air relationship 

HR = output relative humidity 

dm = drying of membrane 

fd = flooding of electrodes 

ov = overload 

Vs = voltage stack 

IFC = electrical current of the FC 

T = temperature 

Pol = difference between real output power and required load 

PH2= H2 pressure 
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To design FCS that work correctly it is need to understand and correct how it can go wrong.  

FTA identifies models and evaluates the unique interrelationship of events leading to: 

• Failure 

• Understand events / states 

• Unintended events / states 

Method FTA (Fault Tree Analysis) is well known worldwide as an important tool for assessing the 

safety and reliability in design, development and operating system considered. For over 40 years, FTA 

is used in aviation, nuclear and mechanical engineering to implementation failure behaviour of 

systems in a visual diagram based on the root cause that top event. Fault Tree proves to be concise, 

visual representation and the most common use cases for: 

• Identify safety-critical components; 

• Verified the product; 

• Certification of product reliability; 

• Risk assessment; 

• Investigating accidents / incidents; 

• The causes and consequences; 

• Identification of common cause faults. 

FTA is a deductive method of analysis begins with a general conclusion and then infers specific 

causes leading to this conclusion. FTA is based on a logical set of rules and symbols, that probability 

theory and Boolean algebra. This method uses an approach "top-down" logic model to generate 

qualitative and quantitative assessments of system reliability. Undesired event in the system 

considered is represented as "top event". Lower level for each branch of the tree of failure is "basic 

events". These events may represent the failure of hardware, software and human for which 

probability of failure is determined based on historical data. 

3.1 Fuzzy Fault Tree method 

Fuzzy fault tree methodology [17], according to the following steps: 

• plot the graph of tree failure model, using the logic symbol and logic gates; 

• modulation tree failure and qualitative analysis; 

• preparing the list of connection tree failure; 

• Boolean transformation matrix to determine sets of cuts. 

The approach consists of the following: 

• basic event data fuzzification, trapezoidal membership functions; 

• estimating the probability of top event (defuzzification); 

• sensitivity analysis (defuzzification); 

• the importance of cut sets; 

• fuzzy share index based events. 

FFT method adopts fuzzy numbers to describe the probability of random events. Number fuzzy failure 

probability p is noted that: 

      zf = (| − �,|,| + �	                                                                  (16) 

where: m is equalizer value of the fuzzy number; a, b - left and right of the distribution parameter 

fuzzy number. If the probability of the event i is a fuzzy number pfi,  

zfr�∏ (|> − �>, |>, |> + �>	�
>�.                                                      (17) 

the fuzzy operator gate "AND" is: 

*c�� = ∏ zfr = (zc��3 , zc�� , zc��� 	�
>�. 											                                    (18) 

zc��3 = ∏ (|> − �>	�
>�.                                                            (19) 

zc�� = ∏ |>
�
>�. 																																				                                (20) 

zc��� = ∏ (|> + �>	�
>�.                                                           (21)                    

The fuzzy operator of gate "OR" is: 

*0� = 1 −∏ (1 − zfr	 = (z0�3 , z0� , z0�� 	�
>�. 																			                      (22) 

z0�3 = ∏ [1 − (|> − �>	]�
>�.                                                    (23) 

z0� = 1 −∏ (1 −|>	�
>�. 																										                              (24) 
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z0�� = 1 −∏ [1 − (|> + �>	]�
>�.                                                        (25) 

3.2 Application Fuzzy Fault Tree for Fuel Cell 

A fault tree is a logic diagram that displays the interrelationships between a potential critical event in 

a system and the reasons for this event [23] and is the graphical representation of the fault tree 

analysis. A typical fault tree is consists of the top event, the basic events, and the logic gates. Fig. 6, 

illustrates a fault tree structure with typical components. The top event represents an undesirable state 

of the system, the basic events represent the state of the systems components, and the logic gates 

describe the relationship between the basic events and the top event. In classic fault tree analysis the 

AND logic gate denotes that the output is in a failure state, if all the inputs are in failure state. The OR 

logic gate denotes that the output is in failure state, if at least one of the inputs is in failure state. An 

intermediate event represents an intermediate state of the system that is related directly or indirectly to 

the top event with a logic gate. 

Fuzzy fault tree analysis [25] extents classic fault tree analysis, which is based on the assumption that 

there are sound and clear success and failure states in a system and that failures occurs at random. 

Fuzzy fault tree analysis can be implemented when: 

• There are no clear boundaries between failure and success states of the system, or when it is not 

clear if the performance of the system fulfils its specifications.  

• The probability of system failure cannot be calculated precisely due to the lack of sufficient data 

and due to the existence of “noise” in the data set.  

• There is subjective evaluation of the reliability, which is made with natural language expressions.  

In the context of fuzzy fault tree analysis, given a fault tree structure it is possible to calculate the 

subjective reliability of the corresponding system, given information about the reliability of the 

system components in linguistic terms. These terms are translated into fuzzy sets.  The fuzzy sets 

express the subjective possibility of failure (i.e. the subjective unreliability) of the system. This is 

done by mapping each linguistic value to a range of subjective failure possibilities through a fuzzy set 

membership function. The subjective failure possibility is defined on the unit interval [0,1]. Thus, If 

Pos(E1), Pos(E2), … Pos(En) are the failure possibilities of the basic events E1, E2, … En 

respectively, and the corresponding components of the system are independent, then the output 

possibilities of the AND – OR gates can be calculated with the following formulas [24]: 

PosAND = Pos(E1) ⊗Pos(E2)⊗…⊗Pos(En) 

PosOR = 1⊖(1⊖Pos(E1))⊗(1⊖Pos(E2))⊗….⊗(1⊖Pos(En)) 

Where: PosAND, PosOR are the possibilities of the output events of the AND and OR logic gates 

respectively and the symbols ⊗ and ⊖ denote the fuzzy subtraction and multiplication. Through the 

outputs of the AND - OR gates it is possible to determine the subjective possibility of the top event 

following a bottom–up calculation approach. In some cases the independence of the top events might 

not be possible. In general, for mobile and stationary applications, hydrogen is supplied by a high-

pressure bottle, which is reduced by a pressure regulator. In normal conditions, the hydrogen pressure 

is assumed to be constant (generally between 1 and 3 atm). A lower pressure negatively affects the 

performance of the FC. The reduction of H2 pressure decreases the ENernst, increases the Vact, and has a 

corresponding effect on VFC. In this section, the effects of one types of faults on the FC operation 

were explained simply and directly. However, when a fault occurs, an interconnected dependence 

among the variables is established; in general, all the variables perform some kind of changes. That 

hinders the diagnosis of the fault cause. To qualify and quantify the dependence among the variables, 

a FFTA is constructed to conduct the fault diagnosis. 

3.2.1 Faults to hydrogen pressure of FCS.  

Probability of failure on the circuit will determine the fault tree analysis and fuzzy, which involves 

calculating the probability of basic events, operators that use fuzzy logic gates. It is assumed that each 

elementary event leading independent event (Fig. 6), will be as follows: P = defect hydrogen buffer 

vessel + Defect in hydrogen Failure to pipelines+ supply FCS. For example, buffer vessel 

manufacturing defect hydrogen = p1 + Event1 + p2 = Event2 + Event3 + Event1 +  Event4 +  Event5 

+  event6. Fuzzy number is used to describe the likelihood of various events, so it follows: 

*. = �/ + � 																																					                                 (26) 
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*/ = �: + �% + �L                                                           (27) 

* = *. + �. + */ = �/ + � + �. + �: + �% + �L                             (28) 

Note that set of cuts of fault tree analysis determines the change in equivalent Boolean algebraic 

equation as follows: 

* = ∑ �>L
>�.                                                                        (29) 

So, the set of cuts directly affect reliability. When defining the top event of the vessel defect hydrogen 

buffer T, the probabilities mi of all events fi have are presented in Fig. 7. 

According to equation fuzzy operator and intermediate results of Fig. 7, can be obtained: 

 
a) 

 
b) 

P1: Leaking hydrogen system buffer vessel;  P2: Failure to process 1; R: Inactivation of hydrogen 

pipelines; Q: Failure to process 2; X1: Action outside the vessel; X2: Deficiency manufacture vessel; 

X3: Material failure of the vessel; X4: Gas pressure deficiency; X5: Installation failure; X6: Deficiency 

of operating technological. 

Figure 6. Graph tree failure   inactive transmission and distribution of hydrogen in FCS 

 

*�. = ��/ + �� = (0,00186; 0,00411; 0,00635	                                  (30) 

*�/ = ��: + ��% + ��L = (0,04026; 0,0430; 0,04586	                               (31) 

If the confidence is 9 = 0,6, then: 

*�.4 = ��/4 + �� 4 = (0,04194; 0,04306; 0,04418	                                    (32) 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

12 Vol. 4, Issue 2, pp. 1-14  

 

*�/4 = ��:4 + �� 4 = (0,04194; 0,04306; 0,04418	                                   (33) 

*�/4 = ��:4 + ��%4 + ��L4 = (0,00321; 0,04111; 0,005	                                   (34) 

Thus, the probability of chance of fuzzy defect leading to buffer hydrogen vessel is given by: 

*� = *�. + ��. + *�/ = (0,04346; 0,04880; 0,05412	                                  (35) 

and is fuzzy number. 

 Calculation of different levels of trust determines confidence intervals of the top event. Similarly 

calculate the probability of defect at all other possible causes of failure in FCS. Probability of top 

event circuit related to the installation FCS is (0.10806, 0.13056, 0.19036). 

 
Figure 7. Simulation data and validation of the example of fig. 6, b. 

FFTA method is good for qualitative and quantitative reliability analysis of FCS, because data on the 

dynamic system faults are dependent on a variable degree of uncertainty, so this method better reflects 

the evolution operability FCS than the classical FTA. This method not only reflects fuzzy probability 

of the event, it allows to determine the existence of errors allowed. Meanwhile, it allows operators to 

connect with FCS engineering, that a few tests to compare data with operating experience of FCS. In 

this method can be consider the human factor, which is very important for safe operation of the FCS. 

 
Figure 8. Fuzzy values for probabilities of FFTA. 

IV. RESULT AND DISCUSSION 

Based on preliminary design or/and historical date in functionary is computed matrices of criticality 

with LabVIEW software for obtaining PEMFC failure criticality, continued with EFMECA like in 

figure 5 then are determined the prediction failures based on fuzification variable and FFTA method 

or the top event for undesirable damage cause. So is possibility achievement of Mean Time Between 

Failures (MTBF), Failure In Time (FIT) is another way of reporting MTBF or Mean Time To Repair 

(MTTR) or Mean Time To Failure (MTTF) or  life cycle prediction, even from design phase for 

PEMFC system. In finally is obtained probabilities value for life time of PEMFC and similarly in the 

integrated systems PEMFC for application in automotive industries. 
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V. CONCLUSION 

The paper proposes the integration some methods, which significantly increases performance of 

PEMFC based on LabVIEW software. In order to improve fuel cell performances, it is essential to 

understand technological parametric effects on fuel cell operation. Fuel cell models require physical 

parameters that manufactures usually do not provide. Therefore, a few methods like EFMCEA, fuzzy 

logic, must be developed in order to obtain reliable simulations results. Following this objective, a 

new predictive diagnosis method for accurate model of Proton Exchange Membrane Fuel Cell 

(PEMFC) systems is presented in this paper. The method adopted in order to determine the optimum 

set of technological parameters in FFTA algorithm, which proves to be well adapted to satisfy this 

goal of a fast convergence to establish right values for the cell parameters. The optimized results show 

a good agreement between experimental and simulated date. As a result, the model allows at getting 

the all parameters within analytical formulation of any fuel cell. In consequence, fuel cell 

performance and failure predictive diagnosis are well described as they are carried out through a 

methodology EFMECA for PEMFC model. It can be used as a block in the construction of simulators 

or generation systems using fuel cells with good dynamic response. Validated prediction models 

analysis with EFMECA and FFTA could make it possible to predict the lifetime of PEM fuel cells in 

automotive applications as a function of known operating conditions and the constitutive behaviour of 

the PEMFC. 
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ABSTRACT 

Reflected electrons are often unaccounted for in multipactor (MP) prediction algorithms supposedly because of 

how little they contribute to the initiation of multipaction. This research work investigated this claim by 

comparing the enhanced counter function values of simulation scenarios that included reflection electrons and 

those that did not, for a range of transmit power levels, in a space-borne rectangular waveguide with TE10 

propagation mode using a developed MP prediction algorithm. Results generated indicated that, in the case 

were reflected electrons were properly accounted for, there were more transmit power levels with larger values 

of enhanced counter function (or increased electron population) than the case where consideration was not 

given to reflected electrons. The result also indicated that a multipactor discharge event can occur where under 

some current techniques multipactor is predicted not to occur. 

KEYWORDS: multipactor breakdown, multipactor prediction, secondary emission, reflected 

electrons, rectangular waveguide. 

I. INTRODUCTION 

Conventional multipactor suppression techniques such as surface treatments require that a good 

percentage of the inner surface of the geometry of interest be coated or sputtered with a material with 

low secondary electron yield. Similarly, surface geometry modification techniques may require that 

the geometry surface modification be extensive. Given the risk of placing MP suppressive magnetic 

fields close to satellite-borne equipment, full surface coating and centre-line grooving of waveguide 

have received support as acceptable suppression techniques [1][2]. The challenge here is that the 

center-line may not be the optimum emission point of multipactor-initiating electrons and also 

applying full coating on the metal surface may just be financially wasteful as only the portion of the 

waveguide surface emitting the multipactor-initiating electrons need be coated. Understanding this 

limitation and others, the European Space Agency (ESA) awarded a contract titled “Multipactor and 

Corona Discharge: Simulation and Design in Microwave Components”, which was devoted 

essentially to the investigation of multipactor and corona effects in rectangular waveguide 

components through the development of multipactor prediction software tools. The multipactor 

predictor was required to possess the capability, not only to analyze the electromagnetic response of 

microwave components but also to determine (predict) the breakdown power of such structures with 

reasonable accuracy [3]. In essence, this incorporated multipactor prediction into the design and 

manufacturing process of RF and microwave hardware.  

Unfortunately however, some works on multipaction prediction account only for true secondary 

electrons while completely neglecting the reflected electrons. This is because, many researchers 

believe that reflected primary electrons play no direct role in electron multiplication between two 
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surfaces, hence, can be ignored for multipactor discharges under vacuum conditions [3][4]. Reference 

[5] demonstrated however that the inclusion of electron reflected from the surfaces of vacuum 

electronic systems predicts the occurrence of multipactor where it would not otherwise occur. Works 

by [6] and [7] have also shown the relevance of including reflection electrons in multipacting 

analysis.  The former stated clearly that it is a noticeable phenomenon in multipaction testing which 

has been revealed by empirical current measurement during breakdown and the latter explicitly 

employed the Furman secondary emission model [8] which fully accounts for reflected electrons. In 

line with the ESA contract award, this research paper presents a multipactor prediction algorithm 

capable of predicting possible multipactor initiating RF power levels and optimizing current 

suppression techniques. The key emphasis of the research was to determine what effect the inclusion 

or non-inclusion of reflected electrons into the MP prediction algorithm will have on the multipacting 

process in a typical rectangular waveguide geometry configured for a TE10 propagation mode. 

The rest of the manuscript is organized as follows: Section 2 itemizes the considerations and 

assumptions guiding the development of the MP prediction algorithm used for the simulation, and 

then details the development process itself taking each stage of the multipacting process and the 

models employed for those stages. Section 3 gives explanations of the algorithm implementation and 

validation processes. Section 4 presents the results and discussion on them. Finally, section 5 provides 

the conclusion to the work. 

II. THE MULTIPACTOR PREDICTION ALGORITHM 

Design Considerations and Assumptions 

As indicated earlier, the key emphasis of this research was to determine what effect the inclusion or 

non-inclusion of reflected electrons in the MP prediction algorithm will have on the multipacting 

process in a typical rectangular waveguide geometry configured for a TE10 mode. Hence, the design 

process for the presented algorithm hinges on a proper account and consideration for all the various 

types of electron “emissions” that are probable during a multipacting process - true secondaries and 

reflected electrons.  

A few of the assumptions guiding the development of the algorithm included the following: all the 

primary electrons were created during the first period of the electromagnetic (EM) field; the initial 

primary electron population size was a minimum of 1000 electrons; emitted primary electrons 

possessed non-zero energy levels; since only the onset of the multipactor discharge is to be predicted, 

electron dynamics were influenced only by the EM field but not affected by the presence of other 

electrons (space charge); the collision of an electron with a plate could rip zero (absorption), one, or 

more electrons from the wall and the total kinetic energy of the emitted electron(s) is equal to or less 

than the kinetic energy of the impacting electron. 

The MP Prediction Algorithm  
The MP process begins with the generation of primary electrons from the bottom plate of the 

rectangular waveguide during the first period of the EM field following a uniform distribution. Each 

electron is emitted with an energy distribution of 2 eV at a velocity perpendicular to the emission 

surface. A few predictor algorithms have used external EM solvers to obtain the field map for the 

structure of interest [6] [9]. In contrast, the algorithm in this article incorporates the EM field solver. 

The EM field distribution for a rectangular waveguide structure with TE10 dominant mode was 

computed using the equations  

�� = �� sin �	
 cos(�� − ��)     (1) �	 = − ����� sin �	
 cos(�� − ��)     (2) 

�� = ���� ( ��
)cos �	
 cos(�� − ��)    (3) 

 

Fig. 1 shows a typical TE10 mode configured rectangular waveguide, indicating also the directions of 

the electric field, magnetic field and EM wave propagation. 
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To compute and analyze the electron trajectory, the 4
th
 Order Runge Kutta method was used to solve 

the non-relativistic Lorentz force equation which is expressed as 

� =  ! "#"$ = −%(& + #	x	*)     (4) 

    +"#"$ = ,!-. (& + #	x	*)# = "/"$
0     (5) 

Fig. 2 shows the trajectory of an electron just before impact with a wall surface. The pre-impact 

position, k, is given as (Xp-1, Yp-1, Zp-1) and the impact position, f, is given as (Xp, Yp, Zp). The electron 

trajectory is both vertical and horizontal. The vertical distance covered from the pre-impact position to 

the impact position is the change in y-coordinate. The difference between the y coordinates is 

extremely small and so may be assumed to be a straight line. Therefore, the angle of impact, Фi, is 

computed as 

Ф2 = tan 56�78$(9:,9:;<,	�:,�:;<)>:,>:;< ?    (6) 

 

 

 

 

 

 

 

 

 

 

 

 
 

 

 

Fig. 2 Determination of angle of impact Φi 

 

Fig. 1 TE10 mode EM field configurations in a rectangular waveguide indicating the 

directions of the electric field, magnetic field and EM wave propagation 
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To compute the total secondary electron yield (SEY), this work combined the Geng SEY model [10] 

shown in eqn. (7) with Poisson distribution in order to determine the proper average number of true 

secondary electrons generated per impacting electron. This modified approach is preferred because 

due consideration is given to the probability that a collision does produce true secondary electrons and 

also the probability for this collision to produce a certain number of true secondary electrons.  @(A) = @- BC,DEFG,H(I/KL)MNO(I/KL)P Q    (7) 

Parameter u is the impacting energy (eV) of the primary electron, @- is the maximum SEY 

corresponding to an impacting energy of A- and the curved fitted ABCD parameters are A = 1.55, B = 

0.9, C = 0.79, and D = 0.35. In addition, the modified Geng model is combined with a secondary 

emission probability distribution proposed by [11] in order to properly account for reflected (elastic 

and inelastic) electrons in the multipacting process. Both elastic and inelastic collisions produce one 

emitted electron. In the first case, the incoming electron is perfectly reflected. In the second case, the 

electron penetrates into the material, scattering one electron from atoms inside the material, which is 

eventually reflected out with energy loss. 

Because the emissions considered in this work take consideration of true secondary and reflected 

electrons, different models were used for computing their emission energy distributions by making 

use of the principles of conservation of energy and material work function. The distribution of the true 

secondary electron emission energies  is largely independent of the primary electron energy [3] [5]. 

The first of the n secondaries is assigned the maximum possible energy [4]. Thus, 

�R,-
	 = STUVW       (8) 

The energy levels of the other electrons are computed from the expression �R(X%Y�) = �R(Z[%\]^A_) − �R(Z[%\]^A_) ∗ [aXb^ 	\acA%    (9) 

where parameter �R is the emission energy of the secondary electron and defX is the work function 

of the coating material on the wall surface. The random value is generated using a Gaussian 

probability distribution. The elastically reflected secondary electron retains the same energy as that of 

the primary electron that generated it. Thus, �R =	�7      (10) 

An inelastic collision with a wall surface result in a percentage of the impact electron energy being 

transferred (lost) to the impacted atom [5]. Because the atom is massive with respect to the electron, it 

barely recoils and the electron reflects with a velocity nearly equal in magnitude to its incident 

velocity. The transferred energy is a function of the ratio of the masses of the electron and impacted 

atom as well as the velocity of the impacting electron [12] [13]. This is given as �$g
VRU!gg!"(%h) = B4 ∗ B -.-jklLQ ∗ C� !\!�Q %⁄    (11) 

Hence, on reflected, the energy of the secondary electron is computed as: �R = �2-7
n$ − �$g
VRU!gg!"      (12) 

This model provides a better approach to determining the emission energy of an in-elastically 

reflected electron when compared to other approaches offered by some researchers which neither 

takes into consideration the ratio of masses of the electron and the impacted atom nor the velocity of 

the impacting electron.  

III. THE ALGORITHM CODE IMPLEMENTATION 

The simulation code was implemented using the MATLAB software. Electron gap crossings were 

limited to 10-gap crossings, given the limited computational resource. In spite of this limited number 

of crossings implemented, the quantity of emitted virtual electrons was so large at certain power 

levels that the computer memory could no longer handle the computation involved. Consequently, the 

computer system would display an “inadequate memory” error message and then stall further 

computation. Under this circumstance it was difficult to predict what the quantity of emitted virtual 

secondary electrons would be at the 10
th
 iteration. To overcome this particular challenge, an 

extrapolation technique was applied to enable the determination of what could be the possible 
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population size of the emitted virtual electrons at the end of the 10
th
 iteration. The extrapolation 

technique employed used a growth function which uses existing data to calculate predicted 

exponential growth. The growth function was preferred to other extrapolation function types, such as 

forecast function, trend function, linest function, logest function and slope function because, similar to 

the growth of emitted electrons, its implementation used an exponential model. MS Excel Spreadsheet 

has an implementation of this function and so was used for the extrapolation process. 

Validation 

The result obtained by [10] during an experimental research on MP prediction and suppression on a 

niobium (Nb) coated rectangular waveguide surface is shown in fig. 3. The result shows the values of 

the normalized enhanced counter function (Nen) for power levels from 0 kW to 500 kW at 500 MHz 

operating frequency for a TE10 transverse wave mode at maximum 20-gap crossings. The results so 

generated by the proposed MP prediction algorithm in this work were compared with those obtained 

by [10] for both 10- and 20-gap crossings; they were in agreement (see figs. 3 and 4).  

 

 
 

 

 

 
 

 

IV. RESULTS AND DISCUSSION 

Following the validation of the proposed MP algorithm, two simulation scenarios were implemented 

for 0 kW to 500 kW at 500 MHz operating frequency. The first (I) scenario involved the use of silver 

coating with the exclusion of reflected electrons; only true secondary electrons were assumed to be 

emitted from the metal surface. The second (II) scenario also involved the use of silver coating but 
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Fig. 3: The normalized enhanced counter function Nen20 for the TW mode. The 

Nen20 = 1 line is indicated [10]. 

 

Fig. 4: The normalized enhanced counter function Nen20 for the TW mode. The 

Nen20 = 1 line is indicated. 
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with the inclusion of reflected electrons, that is, in addition to the true secondary electrons, reflected 

inelastic and elastic electrons were also accounted for. 

Table 1 shows the normalized enhanced counter function values (Nen) obtained for various simulation 

scenarios at a maximum of 10 electron-wall collision events. The Nen values in the second column are 

obtained after implementing the Geng algorithm on a niobium coating while those in the third column 

are obtained after implementing the same algorithm on a silver coating. The fourth column shows the 

values obtained after using a modified Geng algorithm which has incorporated reflected electrons into 

the Geng SEY model (eqn. 7) in order to analyze the MP characteristics of a silver coating. The 

shaded rows are Nen values which indicate possible MP initiations. Bold italicized values in the table 

represent extrapolated results. 

 

MUT : Niobium Silver Silver 

ALGORITHM : Geng Geng Modified Geng 

SEY : True sec (Ts) only True sec (Ts) only Ts plus Reflected 

Power (kW) Nen Nen Nen 

0 0 0 0 

10 0.008 0.048 0.057 

- - - - 

110 0.014 0.006 0.008 

120 0.742 0.406 1.441 

- - - - 

330 1.59 4.724 2.854 

- - - - 

420 1.018 362.582 184.42 

- - - - 

500 0.458 0.368 0.647 

Comparison of Nen Values for MP Initiating Transmit Power Levels 

Fig. 5 shows a comparison of the normalized enhanced counter function values (Nen) for MP 

initiating power levels on simulation scenarios (I) and (II). Evaluation showed that the latter scenario, 

which took into consideration the reflected electrons, had 38% more transmit power levels with larger 

values of Nen than for the former scenario which did not take reflected electrons into consideration. 

The Nen values are determined by dividing the total number of generated secondary electrons by the 

initial number of primary electrons. It may be taken as the average number of secondary electrons 

generated by a single impacting electron. Thus, the conclusion in this comparison is that the 

simulation scenario that took into consideration reflected electrons generates more “secondaries” per 

impacting primary than the scenario that did not take reflected electrons into consideration. 

Table 1 Normalized Enhanced counter function for certain values for power levels from 10 kW to 500 kW 
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It was also observed that, in addition to all the possible MP initiating power levels obtained from 

simulation scenario (I), one additional power level, 120 kW, also indicated the possibility of MP 

initiation in simulation scenario (II). The only explanation for this is that the reflected electrons which 

had not been considered in the first simulation scenario contributed to this MP initiation process. This 

shows that it is possible to overlook a subtle breakdown power (such as 120 kW in this case) if 

reflected electrons are not properly accounted for.  

Modification Zones 
The proposed algorithm provided a retrace functionality that tracks each emitted primary electron, 

including secondary electrons generated by the electron-wall impacts. The retrace functionality has 

the capability to monitor which primary and secondary electrons where sustained to the end of the 

entire multipacting process for any operating frequencies and transmit powers. Basically, the features 

included: 

I. An Identification (ID) Management System which marks each primary electron with a unique 

identification code 

II. A Parent-Child ID Management System which pairs off each child secondary electron with its 

parent primary electron. 

III. A Parent-Child ID Management System which pairs off each child secondary electron with its 

parent secondary electron. 

IV. A static link between the sustained primary electrons and their emission position and EM 

field data. 

 

A retrace analysis of electrons (primary and corresponding secondary electrons) that survived the 

maximum electron-wall collision count was used to identify plausible zones (or points) of MP 

initiation. These zones represent locations on the rectangular waveguide that may need to be modified 

using any of the suppression techniques, such as surface modification (coating, sputtering, etc) or 

geometry modification (cutting, grooving, ridges, etc). 
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Fig. 6 shows a typical gridded rectangular waveguide with dimension a = 0.433 m, b = 0.102 m. The 

simulation scenario was done at a transmit power level of 120 kW. At the end of the 10
th
 iteration, a 

retrace of the electron dynamics indicated the plausible zones or (points) of MP initiation. 

Modification of this zone may likely lead to MP suppression. In contrast to the extensive modification 

approach currently adopted in the space industry (for the implementation of suppression features) 

which requires a complete coating or cutting of several grooves on the wall surface of rectangular 

waveguides, the proposed algorithm pinpoints the zones for the modifications, hence reducing the cost 

and time needed for the application of suppression features on space-bound rectangular waveguides. 

The section may be summarized as follows: 

1) The MP process analysis which took into consideration the reflected electrons had a higher 

percentage of breakdown power levels with larger values of normalized enhanced counter 

function than those which did not take reflected electrons into consideration. This means that 

MP analysis that excludes reflected electrons inadvertently under quantify the total amount of 

electrons present within a system.  

2) It is crucial to account properly for reflected electrons during a multipacting process 

investigation in order to avoid overlooking subtle breakdown powers. This point is critical as 

it guarantees improved reliability of rectangular waveguides that are operated at multiple high 

power levels because component failure will not occur as a result of an unidentified MP 

initiating power. 

3) It is possible to identify critical points of electron emission which can result to breakdown or 

system failure. This information can therefore be used to optimize the suppression procedures 

on the geometries of interest, hence reducing the manufacturing resource requirement for 
space-borne waveguides. 

V. CONCLUSION 

This work has presented a multipactor prediction algorithm for a rectangular waveguide geometry 

configured for a TE10 propagation mode which adequately accounted for reflection electrons in its 

design and implementation. The results obtained from the implemented algorithm underscored the 

possibility of inadvertently under-quantifying the total amount of electrons present within a system 

after collision events and also the likelihood of overlooking subtle multipactor breakdown powers 

where proper account is not given for reflected electrons during a multipacting process investigation. 

ACKNOWLEDGEMENT 

We acknowledge and appreciate the National Space Research and Development Agency (NASRDA), 

Nigeria, for providing the opportunity to engage in this research. 

 

0

0.2

0.4

00.020.040.060.080.1

0

0.05

0.1

a
b

w
g

z

Fig. 6: Geometry modifiable zones 

 

Plausible zone 

 of MP initiation 

 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

 

23 Vol. 4, Issue 2, pp. 15-24  
 

 

REFERENCES 

[1] Geng R.L., Belomestnykh S., H. Padamsee, Goudket P., Dykes D.M., Carter R.G. (2004), Studies of 

Electron Multipacting in CESR Type Rectangular Waveguide Couplers, Proceedings of EPAC, pp. 

1057-1059 

[2] Crossed-Field Amplifier with Multipactor Suppression (2011), World Intellectual Property 

Organization (WIPO), http://www.wipo.int/pctdb/en/wo.jsp. 

[3] Vicente C., Mattes M., Wolk D., Hartnagel H. L., Mosig J. R. and Raboso D. (2005), FEST3D-A 

Simulation Tool for Multipactor Prediction, Proc. MULCOPIM 2005, ESTEC-ESA, Noordwijk, The 

Netherlands, 2005, pp. 11-17. 

[4] Becerra G. E. (2007), Studies of Coaxial Multipactor in the Presence of a Magnetic Field, U.S. 

Department of Energy Report, Plasma Science and Fusion, Vol. 99, pp 26-41. 

[5] Seviour R. (2005), The Role of Elastic and Inelastic Electron Reflected in Multipactor Discharges, 

IEEE Transactions on Electron Devices, VOL. 52, NO. 8, AUGUST 2005 1927, pp. 1927-1930. 

[6] Aviviere Telang, Antonio Panariello, M. Yu and R. Mansour (2011), Multipactor Breakdown 

Simulation Code, 7th International Workshop on Multipactor, Corona and Passive Intermodulation, 

MULCOPIM Valencia 2011 

[7] José R. Montejo Garai, Carlos A. Leal, Jorge A. Ruiz Cruz, Jesús M. Rebollar Machaín, Teresa Estrada 

(2011), Multipactor Prediction in Waveguide Band-Stop Filters with Wideband Spurious-free 

Response, 7th International Workshop on Multipactor, Corona and Passive Intermodulation, 

MULCOPIM Valencia 2011 

[8] Furman M. A. and Pivi M. T. F. (2003), Simulation of Secondary Electron Emission Based on a 

Phenomenological Probabilistic Model, Center for Beam Physics, Accelerator and Fusion Research 

Division, CA, USA, pp 1-31. 

[9] Gusarova M.A, Kaminsky V.I., Kutsaev S.V., Lalayan M.V., Sobenin N.P., Kravchuk L.V., and 

Tarasov S.G. (2008), Multipacting Simulation in RF Structures, Proceedings of LINAC08, Victoria, 

BC, Canada, MOP082, pp. 265-267 

[10] Geng R.L. and Padamsee H.S. (1999), Exploring Multipacting Characteristics of a Rectangular 

Waveguide, Proceedings of Particle Accelerator Conference, New York, NY., Vol. 05, pp. 429 

[11] Juan L., Francisco P., Manuel A., Luis G., Isabel M., Elisa R. and David R. G. (2006), Multipactor 

Prediction for On-Board Spacecraft RF Equipment with the MEST Software Tool, IEEE Transactions 

on Plasma Science, Vol. 34, No. 2. 

[12] Landau L.D and Lifshitz E.M (2000), Mechanics: Course of Theoretical physics, 3
rd

 Ed., vol. 1, 

Butterworth and Heinemann Publication, pp. 41- 53 

[13] Bellan P. M. (2004), Fundamentals of Plasma Physics, pp. 14-16 

 

AUTHORS 

AKOMA Henry E.C.A is a research engineer with the National Space Research and 

Development Agency (NASRDA), Abuja, Nigeria, and is currently engaged in his 

doctoral degree program at the University of Ilorin, Ilorin, Nigeria. He obtained a Master 

of Engineering (MEng) degree in Electrical Engineering  (Communications Option) with 

Distinction from the Federal University of Technology, Minna, Nigeria. . He has 

published a book on the Fundamentals of Space Systems Engineering  and has published 

several journal and  conference papers particularly in the field of multipaction. Engr 

Akoma Henry E.C.A is a Registered Engineer, Council for the Regulation of Engineering 

in Nigeria (COREN). He is also a member of the Nigerian Society of Engineers (MNSE). 

  
ADEDIRAN Yinusa Ademola is a professor of Electrical and Electronics Engineering 

presently is the head of Electrical and Electronics Engineering, Faculty of Engineering 

and Technology, University of Ilorin. He Obtained Doctor of Philosophy, Federal 

University of Technology, Minna, Nigeria, Master of Science (M.Sc.) in Industrial 

Engineering University of Ibadan and Master of Science (M.Sc.) in Electrical Engineering 

(Telecommunications Option) with Distinction, Technical University of Budapest, 

Hungary. He has published seven (7) books including Reliability Engineering, 

Telecommunications: Principles and Systems (First Edition), Fundamentals of Electric 

Circuits, Introduction to Engineering Economics, Applied Electricity, and 

Telecommunications: Principles and Systems (Second Edition) and Fundamentals of Electric Circuits. The 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

 

24 Vol. 4, Issue 2, pp. 15-24  
 

 

author has published over 70 journals, Conferences and manuscripts in Electrical & Electronics Engineering. 

Professor Yinusa Ademola Adediran is a Registered Engineer, Council for the Regulation of Engineering in 

Nigeria (COREN). He is a member of several professional society including Fellow, Nigerian Society of 

Engineers (FNSE),Member, Institute of Electrical & Electronic Engineers, USA (MIEEE), Corporate Member, 

Nigerian Institute of Management, Chartered (MNIM),Member, Quality Control Society of Nigeria (MQCSN). 

 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

25 Vol. 4, Issue 2, pp. 25-37  

 

INPUT-OUTPUT LINEARIZING CONTROL OF PUMPING 

PHOTOVOLTAIC SYSTEM: TESTS AND MEASUREMENTS BY 

MICRO-CONTROLLER STM32  

Dhafer Mezghani
1
 and Abdelkader Mami

2 

1
Laboratory of Analyze and Control of Systems, Department of Electric Engineering 

National School of Engineering of Tunis, PB 37, Le Belvedere, Tunis 1002, Tunisia 
2
Department of Physics, Faculty of Sciences of Tunis, Electronic Laboratory, 2092 El Manar, 

Tunis, Tunisia,  
 

 

 

 

ABSTRACT  

The photovoltaic powered water pumping system investigated in this paper consists mainly of a photovoltaic 

generator, a boost converter, a tension inverter and a centrifugal motor-pump Then, we present a method which 

resolved the problem of input/output linearization  of the nonlinear system from his mathematical model, this 

technique is associated to the Maximum Power Point control which depends on meteorological conditions 

(insulation and temperature) and the Results of simulation are given for various variables of the structure in the 

closed loop. Finally, we present the implementation of the MPP control in a kit based STM32 micro-controllers 

and the measurements were carried out on the experimental system that enabled us to validate the adopted 

control.  

 

Keywords: pumping photovoltaic system, linearizing control, microcontroller STM32, measurements. 

I. INTRODUCTION 

The nonlinearity of the current-voltage characteristic of the PV generator is the origin of the non-

linearity of the differential equations system governing the operation of PV system. This is why, we 

propose to use one of the techniques of nonlinear control, it have been well developed over the last 

decade. for a large part of the state space , the main advantage of this control that the controller does 

not need to be reduced each time the operating point to recalculate the matrix necessary. In addition, 

this command is performed even for large variations of status during the transition between multiple 

operating points chosen [1]. This research aims to implement a improved linearizing control of the 

pumping photovoltaic system ensuring the maximum power point tracking of photovoltaic field and in 

order to optimize the total efficiency, it consists on PV generator, boost converter, three-phase voltage 

inverter and asynchronous motor-pump.  

So, this paper is organized as follows: Firstly, a mathematical model of the proposed system is 

presented in Section II. Secondly, the input/output linearizing control of this PV system and the 

calculation of the Maximum Power Point command are developed in Section III. In the Section IV, 

the simulation results in closed loop are obtained via the Matlab software [10] and the Tests and 

Measurements were carried out on the experimental simulator,. Finally, concluding remarks are given 

in Section V. 

 

II. MODELLING OF PUMPING PHOTOVOLTAIC SYSTEM 

The diagram in Figure 1 shows the block diagram of PV pumping class. The considered class consists 

essentially of a generator, boost converter, voltage inverter and asynchronous motor pump.  
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the pump used is of centrifugal type, and the two tanks are communicating between them, the 

hydraulic network characteristic of the flow Q (l/min) and the mechanical speed Ωm(rd/s) is given by 

the first law of similarity [2] 
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With b0, b1, b2 and Ψ are constants related to the hydraulic network. 

 

Figure 1. Schematic bloc diagram of PV system 

In order to simplify the model of the asynchronous motor and get a decoupling between the flux and 

speed (torque), it’s proposed to guide the direct component of d-q frame rotating about the rotor flux 

and the mathematical model of the pump asynchronous is given by the equations 3 [3][12] 
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With  Ф is the flux and Vs is the stator voltage in the d-q frame 

The inverter tension transforms a DC voltage in a three phase alternative voltage using the Pulse 

Width Modulation (PWM) technique [4], his model is given by equation 4 
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With n is the logic of commutation of inverter depending of duty cyclic λ1, λ2 and λ3 

This inverter is coupled to an induction motor-pump, The modeling of the induction motor is carried 

out in the (d-q) frame using the Park Transformation 
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With ωs=2πfs, ωs et fs are respectively the stator pulsation and frequency. 

In Order to maximize the solar field and to put the generator maximum power point, we place a boost 

converter that increases the voltage generated by the PV generator, the mathematical model of the 

association PVG and the boost converter is given by the following equations [2] 
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With Icc is Short circuit current 1.19A, Isc is Temperature coefficient of short circuit current 

0.075%/C°, UC0 is Temperature coefficient of open circuit Voltage -280mV/C°, VCO is Open circuit 

voltage 92V, k1 and k2 are constants of GPV respectively 0,015 and 0,192, where Ec and Ta are 

respectively the insulation and the ambient temperature, ρ and Lp are respectively the duty cyclic and 

the self of converter 

III. INPUT-OUTPUT LINEARIZNG CONTROL OF PUMPING PV SYSTEM 

In this part, we propose a improved technique of control makes it possible to obtain a linear order by 

holding account of all no-linearity [11][13][14][15][16]. This approach is the linearizing order input-

output which consists in applying to the system a change of reference frame and a return of nonlinear 

state in order to ensure a decoupling and the linearization of the relations between the inputs and the 

outputs we can to applicate this technique in the DC machine [5] and asynchronous machine [1]. 

So, we restrict ourselves to the study of the order as having linearizing output current Ip to enslave the 

maximum power delivered by the generator, the rotor flux module decoupled from variable torque 

and speed of to operate the pump motor about a speed corresponding to a total yield maximum. 

The block diagram of closed-loop structure is given in Figure 3. 

 
Figure  2. The block diagram of closed-loop structure 

3.1 Elaboration of the Control Laws 

The method consists to derive the vector output y several times (relative degree r) until the appearance 

the vector input u and the command equation that allows to linearize the system, it’s given by the 

following equation [2][11] 
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( ) ( )νx β x α  u +=               (7) 

With ν is the new vector input of linearizing system obeys the equation  
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in our structure, from the (eq.2) we obtain the nonlinear state feedback following 

( )ppoptgsgs IIhν −=  

( ) rΦrrefΦm ΦhΦΦhν &121 −−=           (9) 
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3.2 Synthesis of linear regulation and estimation 

A smooth continuation of the variables to their references is given by the following system 

( )ppoptgsgs IIhν −=  

( ) rΦrrefΦm ΦhΦΦhν &121 −−=                                                                                                            (10)
 

( ) mΩmrefΩm ΩhΩΩhν &
122 −−=

 

The coefficients h are chosen such that 02.1
2 =++ ΦΦ hshs  et 02.1

2 =++ ΩΩ hshs  is polynomials 

d’Hurwitz. These coefficients are calculated for a pole placement. 

In the equations 7 and 8, the stator pulsation and the rotor flux is calculated from a estimator block, it’s 

given by the expressions  eq.11 and eq.12 
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T = is the rotor time constant 
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3.3 Calculation of the MPP Control 

Generally, the PV systems considered operate over the sun and the weather conditions are variable with 

time, then, we must adjust the operating point of the load at maximum power supplied by the PV 

generator. It can be achieved by a Boost placed between the generator and the load of a dynamically 

controlled using the variable duty cycle, this command called MPPT (Maximum Power Point Tracking). 

It’s treated extensively in the literature [6], [7], for our application, we adopt the following expression that 

calculates the optimal value of the tension and the current generated by GPV (Vpopt and Ipopt) which 

depends on weather conditions [8]. 
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With Icc is Short circuit current 1.19A, Isc is Temperature coefficient of short circuit current 

0.075%/C°, UC0 is Temperature coefficient of open circuit Voltage -280mV/C°, VCO is Open circuit 

voltage 92V, k1 and k2 are constants of GPV respectively 0,015 and 0,192 

IV. IMPLEMENTATION AND MEASUREMENTS  

4.1 Numerical simulation 

In order to apply a single command structure for PV optimized operation ensuring maximum 

efficiency, we propose to simulate a configuration consisting essentially of a GPV, a boost converter 

supplying the voltage necessary to power the drive (inverter + induction motor pump) and controlled 

by a control input-output linearizing state feedback. We use in this part, the same simulation 

conditions such as 

• Ec varies from 300W/m2 to 1000W/m2 and Ta ranges from 25 ° C to 45 ° C 

• the module of the rotor flux must reach a value of Φref=0.7Wb 

The simulation diagram is given in Figure 3. We see a rapid continuation of the variable Ip and Vp 

evolution from their optimum values for various weather conditions, The application of the boost 

converter allows the generator to keep his point MPP and provide the inverter voltage required to 

operate the PV system for maximum efficiency, we find a maximum insulation and average 

temperatures can exceed the voltage Uc the 350V corresponding to a duty cycle ρ about 0.77 as shown 

in Figure 6, we also note that for a constant temperature, a decrease of 700W/m2 causes a decrease of 

the stator current of about 0.45A as shown in Figures 8. This reduction also affects the temporal 

evolution of the stator voltage supplied to the pump unit in terms of amplitude and phase (figures 9).  
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Figure 3. Diagram simulation of the linearizing control of the PV structure 

For various values of temperature and insulation, we record the time evolution of the real rotor flux 

and estimated flux as shown in Figure 10, we see firstly the smooth continuation of the variable with 

respect to its reference and other hand, a perfect decoupling with respect to variations of flow Q 

(Figure 11), also, we find that the optimized operation of the chain corresponds to a total efficiency 

exceeding 0.8% for the maximum irradiance and low temperatures (Figure 12) 

 

. 
                    Figure 4. current Ip for Ta constant                          Figure 5. Tension Vp for Ta constant 
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Figure 6. Evolution of duty cyclic                         Figure 7. Evolution of tension Uc 

 

 
Figure 8.   Stator current for variation of insulation 

 

 
 

Figure 9.  Stator tension for variation of insulation 
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.            Figure 10. rotor flux various conditions                Figure 11. Flow for variation of insulation 

 

       
Figure 12. total efficiency for various climatic conditions 

 
4.2 Implementation on STM32 and tests  

To validate the numerical models of various components of the PV pumping system installed at the 

Faculty of Sciences of Tunis to simulate the actual behavior of the PV system, it is necessary to have 

experimental results based on acquisitions made on the laboratory prototype. These measures are used 

to test the reliability and technical performance of the simulator study, the block diagram of the 

simulator is given by the figure 13,  there are two sensors, one for measuring the ambient temperature 

(LM35) as it has sensitivity 10mV / ° C and another to measure the irradiance (S-LIB-M0030) with an 

accuracy of 1 mV / (W/m2).  

The acquisition of these two parameters is done through an STM32 microcontroller kit (element 1) 

through these universal GPIO ports C who then sends the instruction on the optimal value of the 

voltage according to the relationship (eq.12). through GPIO ports A, the linearizing control is 

programmed in the MATLAB environment as having instructions Vpopt and Ipopt from the kit, 

references Ωref, Фref  have given from a voltage generator, the outputs of this command control the 

converter (boost+inverter), it generates the optimal transfer of GPV power (element 5) to the motor-

pump group (element 6), the latter is connected to a water network (element 7).  
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Figure 13. PV simulator and measurement kit 

 
The measurements make possible to validate the adopted control and to test the reliability and the 

technical performances of the installation. for annual measures of the conditions climatic  (EC, Ta and 

Tp) in four typical months in 2011 (figures 14, 15 and 16), we measure the PV voltage corresponding 

to the maximum power point and it’s decreasing as a function of ambient temperature.  

 

 

Figure 14. Average insulation Ec 

 

Figure 15. Average ambient temperature Ta 
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Figure 16. Average Junction temperature Tp 

 

Figure 17. Average tension Vp of PV generator 

In addition, the applied value of frequency fS make to function the GPV in its Maximum Power Point 

ensuring a optimum efficiency of the photovoltaic structure (figures 18 and 19). 
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Figure 18.  Yearly efficiency np of pump according flow 
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Figure 19. Yearly efficiency nt of PV system according flow 

The stages of data acquisition and the calcul of the MPP control require a configuration of the kit 

STM32 in Language C with the IAR C environment [9], this code is detailed in the annex. 

V. CONCLUSION 

In this paper, we presented, on the one hand, an MPPT control applied to GPV and the other 

controlling the motor-pump group through the input-output linearizing technique. The latter was 

developed entirely by reversing mathematical model, it has allowed to deduce the laws of retro-action 

accomplishing the exact input-output linearization. Then, the numerical simulations were performed 

showing the variation of different variables electrical, mechanical, magnetic and hydraulic and a good 

continuation of the variables with respect to the references to various weather conditions. In addition 

the implementation of the MPP control on a kit-based STM32 microcontroller shows an optimum 

efficiency of the PV structure. 
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APPENDIX 
induction motor :Rs= 24.6 Ω, Rr= 16.1Ω, Lm= 1.46H, Lr= 1.48H, Ls= 1.49H  

Centrifugal pump : C1=1.7510-3 kg.m
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ANNEX 
Stage 1 : Initialization of ADC+GPIOC (Inputs) 

void ADC_Init(void){ 

GPIO_InitTypeDef GPIO_InitStructure;  ADC_InitTypeDef  ADC_InitStructure ; 

GPIO_InitStructure.GPIO_Pin =  GPIO_Pin_0|GPIO_Pin_1  ;             

GPIO_InitStructure.GPIO_Mode =  GPIO_Mode_AIN  ;  

GPIO_InitStructure.GPIO_Speed =  GPIO_Speed_50MHz ;  

GPIO_Init(GPIOC,&GPIO_InitStructure);  

RCC_APB2PeriphClockCmd(RCC_APB2Periph_ADC1|RCC_APB2Periph_GPIOC,                         

ENABLE);  ADC_DeInit(ADC1);  ADC_StructInit(&ADC_Ini00tStructure); 

ADC_InitStructure.ADC_Mode = ADC_Mode_Independent; 

ADC_InitStructure.ADC_ScanConvMode = DISABLE; 

ADC_InitStructure.ADC_ContinuousConvMode = DISABLE; 

ADC_InitStructure.ADC_ExternalTrigConv = ADC_ExternalTrigConv_None; 

  ADC_InitStructure.ADC_DataAlign = ADC_DataAlign_Right; 

  ADC_InitStructure.ADC_NbrOfChannel = 1;  ADC_Init(ADC1, &ADC_InitStructure); 

  ADC_Cmd(ADC1,ENABLE); 

} 

Stage 2 : Initialization of GPIOA (Output) 

void  init_optimal(void){ 

GPIO_InitTypeDef GPIO_InitStructure; GPIO_InitStructure.GPIO_Pin =  GPIO_Pin_8;           

GPIO_InitStructure.GPIO_Mode =  GPIO_Mode_PP  ;  

GPIO_InitStructure.GPIO_Speed =  GPIO_Speed_50MHz ;  

GPIO_Init(GPIOA,&GPIO_InitStructure);  

RCC_APB2PeriphClockCmd(RCC_APB2Periph_GPIOA, ENABLE); 

} 

Stage 3 : Calcul of the MPP Control 

void main { 

  unit8_t val_Ec, val_Ta ; 
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  unit16_t val_tension ; 

  unit16_t val_current ; 

ADC_init( ); 

Init_optimal( ); 

  while (1) { 

    val_Ec=ADC_getPC0value( ); 

    val_Ta=ADC_getPC1value( ); 

    val_tension=(0,76*(-1,12*( ((val_Ta/256)/0.01) + 25) + 0,19*368 + LN((1,19+0,00075* 

((val_Ec/256)*1280/1.2) *( ((val_Ta/256)/0.01) +273-298)/1000 + 1,19*(( ((val_Ec/256)*1280/1.2) /1000)-

1))/(1,19*0,015))*0,19))/368 ; 

    val_current = (1,19 + 0,00075*((val_Ec/256)*1280/1.2) *(((val_Ta/256)/0.01) +273-298)/1000 + 

1,19*((((val_Ec/256)*1280/1.2) /1000)-1) - 1,19*0,01502410603*EXP(((val_tension*368)-(-

1,12*(((val_Ta/256)/0.01) +273-298)))/(0,1923894575*368)-1))/1.19 ; 

  } 

} 
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ABSTRACT 

We propose a novel system of the dynamic optical tweezers generated by a dark soliton in the fiber optic loop. A 

dark soliton known as an optical tweezer is amplified and tuned within the microring resonator (MRR) system. 

The required tunable tweezers with different widths and powers can be controlled. The analysis of dark-bright 

soliton conversion using a dark soliton pulse propagating within a MRR is analyzed. The control dark soliton is 

input into the system via the add port of the add/drop filter. The dynamic behavior of the dark-bright soliton 

conversion is observed. The required stable signal is obtained via a drop and throughput ports of the add/drop 

filter with some suitable parameters. In application, generation of optical tweezers and transportation can be 

realized by using the proposed system, where the communication network is performed.   

KEYWORD: Dynamic Optical tweezers, MRR, Add/drop filter, communication network 

I. INTRODUCTION 

Over the last three decades, interferometric measurement methods have been applied in research and 

industry for investigation of deformation and vibration behaviour of mechanical components [1-3]. 

Optical tweezers are powerful tool for use in the three-dimensional rotation (location manipulation) of 

nano-structures such as micro and nano-particles as well as living microorganisms [4-7]. The benefit 

offered by optical tweezers is the ability to interact with nano-scaled objects in a non-invasive manner 

[8]. There is no physical contact with the sample, thus preserving many important characteristics of 

the sample, such as the manipulation of a cell with no harm to the cell [9-10]. Dark-bright soliton 

control within a semiconductor add/drop multiplexer has shown promising applications [11-12]. when 

the high optical field is configured as an optical tweezer or potential well [13-14]. In applications, the 

term dynamics can be realized and is suitable for dynamic wells/tweezers control [15-16]. This is 

available for atom/molecule trapping. An optical tweezer uses forces exerted by intensity gradients in 

a strongly focused beam of light to trap and move a microscopic volume of matter [17-18]. Optical 

tweezers are now widely used and are particularly powerful in the field of microbiology to study cell–

cell interactions [19-20], manipulate organelles without breaking the cell membrane [21-22], physical 

sciences [23-24].  

Ring resonators are waveguide realizations of Fabry-Perot resonators which can be readily integrated 

in array geometries to implement many useful functions [25-26]. Its nonlinear phase response can be 

readily incorporated into an interferometer to produce specific intensity output function [27-29]. 

Schematic of a single MRR is illustrated in figure 1, which depicts a ring resonator coupled with a 

waveguide by a coupler, even though single MRR is normally coupled with a straight waveguide of 

the same width [30].  
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Fig.1: Schematic of nonlinear silicon MRR 

The geometric parameters of a ring resonator are the radius of curvature (R), the gap distance between 

waveguide and ring (g), and the waveguide diameter (D). The coupling coefficient (κ) represents the 

fraction of the optical field that is coupled with the waveguide and ring resonator [31-33]. Even 

though the coupling strength needed is relatively low, it still requires a narrow gap between the ring 

and the waveguide due to the short interaction length and the high confinement nature of the 

waveguides [34-35]. The small gap not only is difficult to fabricate, but also dramatically increases 

the optical loss [36]. We propose a system consisting of series of microring resonators to multiplex 

the input powers controlled by specific parameters.  

In this study, microring resonators are used as a single integrated interferometer system to generate 

optical soliton pulses in the form of optical tweezers. The used methodology is based on solving the 

nonlinear Schrödinger equation for soliton pulses propagating inside nonlinear Kerr effect type of the 

fibe optics where the communication networks can be performed by propagating of optical tweezers 

in a communication link. Simulation results of the optical tweezers are acheived by generation of 

computing MATLAB codes reserved in solutions of the nonlinear equations in the case of soliton 

pulse propagating within fiber optics ring resonators.      

II. THEORETICAL MODELING AND RESEARCH METHODOLOGY  

In this proposal, we are looking for a stationary dark soliton pulse, which is introduced into the 

multistage MRRs as shown in figure 1. The input optical fields inE  and 
addE of the dark and bright 

soliton pulses input is given by [37-38]  
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where A and z are the optical field amplitude and propagation distance, respectively. T is a soliton 

pulse propagation time in a frame moving at the group velocity, T = t−β1z, where β1 and β2 are the 

coefficients of the linear and second-order terms of Taylor expansion of the propagation constant. 

LD=T0
2
/|β2| is the dispersion length of the soliton pulse. T0 is a soliton pulse propagation time at initial 

input (or soliton pulse width), where t is the soliton phase shift time, and the carrier frequency of the 

soliton is ω0. When a soliton of peak intensity (|β2/ΓT0
2
|) is given, then T0 is known [39]. When light 

propagates within a nonlinear medium, the refractive index (n) of light within the medium is given by 

[40-41] 
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where n0 and n2 are the linear and nonlinear refractive indices, respectively. Thus, the normalized 

output is given by Equation (4) as [42-44] 
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Here κ is the coupling coefficient, and x=exp(-αL/2) represents a roundtrip loss coefficient, Φ= Φ0+ 

ΦNL where  Φ0=kLn0 and ΦNL=kLn2|Ein|
2
  are the linear and nonlinear phase shifts, k=2π/λ is the wave 

propagation number in a vacuum and the fractional coupler intensity loss is introduced by γ, where L 

and α are a waveguide length and linear absorption coefficient, respectively. The methodology of this 

study can be performed by configuration and using of an interferometer add/drop filter system 

connecting to series of microring resonators [45]. Variation of the system’s parameters affect the 

output results in which tuned and amplified optical tweezers can be generated.   

In application, the dynamic optical tweezers, occurs when the bright soliton is added via an 

add port as shown in figure 2 [46-47]. Here, series of microring resonators are connected to an 

add/drop multiplexer system where the input pulses of dark and bright solitons are inserted into the 

input and add ports of the system.  

 

 
Fig. 2: Schematic diagram of a dark-bright soliton conversion system. 

 
The dark soliton pulse propagates within microring resonators R1, R2 and R3 where the filtering of the 

chaotic signals occurs within the rings system during the propagation. Clear signals can be obtained 

when the cancelling of the chaotic signals is performed using the add/drop interferometer system, thus 

clear optical soliton pulses can be generated and seen at the through and drop ports of the system.  

III. RESULT AND DISCUSSION  

Result obtained when a dark soliton pulse is input into a MRR system as shown in figure 3. The 

add/drop filter is formed by using two couplers and a ring with radius (Rd) of 10µm, the coupling 

constants (κ41 and κ42) are the same values (0.50). 
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Fig. 3: Results of the soliton signal within the ring resonator system, where (a)  R1, (b)  R2, (c) R3, and (d) – (e) 

dark – bright soliton conversion at the add/drop filter. 

  

The input dark soliton power is 2W. The bright soliton is generated at the central wavelength λ0 = 

1.5µm. When the bright soliton propagates into an add/drop system, the occurrence of dark-bright 

soliton collision in add/drop system is shown in figure 4(a)-(d) and figure 5(a) – (d). The dark soliton 

valley (dept), i.e. potential well, was changed when it was modulated by the trapping energy (dark-

bright soliton interaction) as shown in figure 5(a) - (d). The bright soliton input with the central 

wavelength λ0 = 1.5µm, where (a) the add/drop signal, (b) dark – bright soliton collision, (c) tweezers 

at throughput port, and (d) tweezers at drop port. 

 

 
Fig. 4: The dynamic optical tweezers output within an add/drop filter, when the bright  

soliton input with the central wavelength λ0 = 1.5µm. 
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Fig. 5: Tuned dynamic optical tweezers output within an add/drop filter. 

In application these types of signals generated by MRR system can be connected into a network 

communication system shown in figure 6. Therefore, narrow signals of optical tweezers can be 

transmitted to the different users via a networks transmitter system. New interesting applications of 

ring resonator interferometers can be carried out by introducing new configuration of numbers parallel 

add/drop systems in which ultra-short of femtosecond optical tweezers can be generated and applied 

for high bit rate transmission link and ultra-fast communication systems.    

 

 
Fig.6:  Networks communication system, where the transmission of signals can be  

implemented using optical tweezers 

 

IV. CONCLUSION  

We have shown that the propagating dark soliton within the MRR and NRR system can be converted. 

By using a reasonable dark-bright soliton input power, the tunable optical tweezers can be controlled, 

which can be then used as the dynamic optical tweezers probe. Hence, the tuned and amplified dark 

soliton in which the suitable sides (FWHM, Full Width at half Maximum) and amplitudes of tweezers 

can be generated. Thus, localized optical tweezers pulses are generated, whereas the required signals 

can be used to perform the optical communication network. Furthermore, the applications such as 

quantum repeater, quantum entangled photon source are available, which can complete the concept of 

optical tweezers communication networks. 
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ABSTRACT 

Wavelet compression technique is widely used to achieve high good compression factor. In this paper, certain 

experiments were performed to identify the importance and the sensitivity of this technique to various internal 

and external parameters. Compression factor and SNR are the main factors to be optimized here against many 

factors like; image type, division factor, subblock size. Changing these parameters has shown a significant 

change in the performance leading to verified steps on how to choose these parameters in order to optimize the 

performance to get better compression and quality. 

 

KEYWORDS: Image compression, Wavelet, Transformation, Coding, Information theory, entropy. 

I. INTRODUCTION 

Uncompressed multimedia data like graphics audio and video signals requires a considerable storage 

capacity and high transmission bandwidth. Despite rapid progress in mass-storage media, processor 

speeds and performance of digital communication systems demand for data storage capacity and data-

transmission bandwidth continues to outstrip the capabilities of available technologies [1], [2]. The 

recent growth of data intensive multimedia-based web applications has not only sustained the needs 

for more efficient ways to encode signals and images, but has also made a significant progress in 

compression of such signals and communication technology [3]. Various data types require different 

recourses for storage and transmission. A simple text may require few Kilo bytes of storage space and 

needs few second for transmission over a typical modem. A full motion video signal requires few 

Gega bytes of storage space and few hours to transmit the signal over the same modem. Certain data 

needs sufficient storage space, large transmission bandwidth and long delay for the transmission time. 

At the present state of technology, the only solution is to compress multimedia data before being 

stored or transmitted [4]. 

Compression techniques can be classified as lossless or lossy compression methods where the original 

representation is recovered perfectly or with certain degradation. This is very important in 

applications like medical or astronomical images where an image is processed by computing devices 

instead of human eyes. There are several lossless compression algorithms like Run Length Encoder 

(RLE), Lempel-Ziv Welch (LZW) and Huffman encoding methods. Lossless compression can only 

achieve a modest compression factor. On the other hand, an image reconstructed following lossy 

compression contains degradation relative to the original one. This is often due to the compression 

scheme which may completely discard redundant information. However, lossy schemes (like DPCM 

and DCT) are capable of achieving higher compression factor than lossless schemes [5]. 

Wavelets are functions defined over a finite interval and having an average value of zero. The basic 

idea of the wavelet transform is to represent any arbitrary function as wavelets or basis functions [6-

8]. These basis functions or baby wavelets are obtained from a single prototype wavelet called the 

mother wavelet. 
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JPEG is a lossy compression technique that the decompressed image is not quite the same as the one 

started with. JPEG is designed to exploit known limitations of the human eye. Thus, JPEG is intended 

for compressing images that will be looked at by humans. Whereas wavelet-based coding provides 

improvements in picture quality at high compression ratios depending on the factors used in 

compression. There are no critical losses in data, so one can retrieve approximately the original image 

with less size. Hence, wavelet is used in applications like Fingerprint compression, Musical tones, 

Detecting Self-similarity and Denoising Noisy Data [9-10]. Moreover, wavelet transform is being 

used in many other applications especially in signal and image processing tasks like the numerical 

description of texture via the discrete wavelet, among many other applications [11-14]. 

The rest of this paper is organized such that Section 2 reviews the standard Wavelet Transformation, 

algorithm, various parameters and its applications; it also refers to certain recent related work. Section 

3 introduces the Normalized Wavelet Transformation where the algorithm and certain testing criteria 

are presented. Section 4 shows the obtained experimental results under various conditions using 

software analysis. Section 5 concludes the findings of this paper and comments on it. 

II. WAVELET ALGORITHM 

The wavelet image compression technique is an exciting one [15-18]. Several related work is being 

conducted on the importance of Wavelet and its applications particularly in image processing and 

telecommunications. Some of these applications are in the recent and important topics like Internet, 

edge detection, biology, biomedical applications and signal processing in general [19-23]. This 

compression technique starts by reading an image as an M by N matrix then partitioning it into 8x8 

blocks or some other sizes. Normalized wavelet transformation is applied to each block. The 

algorithm is presented in steps as follows; 

1- Read the input image into an M by N matrix. 

2- If the size of the input matrix cannot be divided by 8 then, add rows and columns of zero values 

as shown in Fig.1 

3- Block the padded matrix into several 8x8 blocks as shown in Fig.1 

4- Apply the normalized wavelet transform on each block 

5- Reshape the resultant matrix into one dimensional vector then apply the arithmetic encoder. 

6- Store the resultant stream of bits into a binary file. 

7- Repeat the previous procedure until the whole image is processed 

 
Fig. 1 zero padding and subblocking 

 

To retrieve the original image from the compressed one, a reverse process is implemented such that 

the binary stream data is applied to an arithmetic decoder, then it is reshaped into an 8x8 block. 

Sequentially this block is applied to the inverse wavelet transformation and the complete matrix is 

reconstructed then the added zero rows and columns are eliminated. This procedure is illustrated 

through the following steps; 
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1- Read the binary file to a bit stream that represent the compressed image then apply it to the 

arithmetic decoder. 

2- Reshape the binary stream into 8x8 blocks 

3- Apply the decoded blocks to the inverse wavelet transform 

4- Eliminate the zero rows and zero columns that were added initially. 

5- Combine the sub blocks to reconstruct the full image 

The normalized wavelet transform is not a completely reversible process and so the original image 

could not be recovered exactly.  

III. NORMALIZED WAVELET TRANSFORMATION 

The core of the wavelet compression technique is the Normalized Wavelet transformation which is 

applied to each 8 by 8 block, the steps of this normalized wavelet transformation is given as; 

1. Consider each 8 by 8 block of the matrix 

2. Divide the sub block by √8; 
3. Consider one row at a time such as; 

4. Compute the average values for the locations 1 to 8 for each row as; (1+2)/√2, (3+4)/√2, 

(5+6)/√2, (7+8)/√2 

5. Assign these four values to the first four locations of the row 

6. Compute the difference  values for the locations 1 to 8 for  each row as;  (1-2)/ √2,   (3-4)/√2, 

(5-6)/√2, (7-8)/√2 

7. Assign these four values to the last four locations of the row 

8. Repeat the process on the four average values such that they are transformed into two average 

values and two difference values, put these values in place of the first four locations of the 

row 

9. Repeat the previous steps to have one average at the left and one difference next to it 

10. Repeat the same process to the remaining rows. 

11. The whole process is repeated for each column of the block. 

12. The resultant matrix will have one average value at the left and all other values are the 

differences 

There are several methods that are commonly used to test the performance of the compression 

technique. This includes; Compression Factor (CF), which is defined as size of original image divided 

by the size of the compressed image, and the Signal to Noise Ratio (SNR), which is defined as 10 

log(signal power divided by the error power), where error signal is the difference between original 

and reconstructed signal. 

IV. EXPERIMENTAL RESULTS 

The sensitivity of wavelet compression technique for several issues is measured under several 

conditions. The main parameters are the image type, image size, division factor and block size. 

Simulation has been performed using software analysis such that one parameter is considered at a 

time. Performance of the algorithm was examined to illustrate how these parameters will affect the 

achievement of certain compression criteria such as the compression factor and the compressed file 

size. The simulation has been performed as follows; 

1 Grayscale image: standard size grayscale images were investigated using the wavelet compression 

technique. The compression factor and the SNR were calculated as shown in Table 1. 

 
Table 1 Certain image files and the corresponding CF and SNR 

Image name  CF SNR (dB) 

Blood 1 3.0 36.0 

Cameraman 3.4 36.7 

Boat 3.8 37.9 

Lena 3.6 37.5 

Bacteria 3.7 37.7 
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Changing the size of the grayscale image does not show clearly the effect of the size on the CF and 

SNR. The redundancy of the data and the nature of the signal play an important role in achieving a 

certain amount of CF and SNR.  

2 Image size: Several grayscale images, with various file size, were considered, the compression 

factor and SNR where examined while changing the size of the image, results were obtained as 

illustrated in Fig.2 respectively. The corresponding values are changing slowly as the data size 

changes. However, increasing the file size is not the reason after the increase in the CF value but this 

increment in CF is mainly due to the change in the entropy of the image file. 

 

 

Fig.2 Effect of changing gray scale image size on CF and SNR 

3 Division factor: in this case, performance has been tested on the same image files but with various 

division factors. The “cameraman” grayscale image was considered with a division factor of √2, 

resulting in a CF of 3.4 and SNR of 36.7dB. When the division factor was changed to √2.5, the CF 

increased to 4.21 and the SNR decreased to 2.67 dB. Obviously, increasing the division factor may 

result in more losses and so the SNR value may drop. The effect of changing the division factor on the 

performance is shown in Fig.3. 

Increasing the division factor gradually from 1 to 4 has improved the CF by about 1 but the SNR has 

dropped by almost 30 dB resulting from a great degradation in the quality of the reconstructed image. 

As the division factor increases then the processed matrix contains smaller values which may be 

easily lost through the normalized wavelet transformation and inverse transformation processes. 

 

   
Fig.3 Effect of changing division factor on CF and SNR 

 

4 Sub-block: as shown in the wavelet algorithm, the matrix is partitioned into 8x8 sub-blocks, 

considering the “cameraman” grayscale image, at this size of sub-matrix then, the CF is 3.4 and the 

SNR is 36.7dB. On the other hand, a 32x32 sub-block size increases the CF to 7.9 and the SNR is 

reduced to 27.3 dB. The effect of changing the sub block size is illustrated in Fig.4. Increasing the 

block size from 8 to 64 has improved the CF by almost 10 dB and the improvement was almost linear 

with the increment in the block size. This increase in block size means that less number of blocks are 

available to be treated and so less data size to be stored leading to a better CF. On the other hand, 

increasing the block size makes the average values and the difference values, which are use in the 
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base functions of the wavelet transformation, far from each other and so may not be possible to 

retrieve the exact values after several processes. This will result in an error between the original and 

the reconstructed images and so SNR value will degrade. 

 

 
Fig.4 Effect of changing submatrix size on CF and SNR for a grayscale image 

 

5 RGB image type: wavelet compression technique can be used with various image formats. A 

typical RGB image with three layers and has an original size of 531 Kbytes has been compressed 

using wavelet compression technique. This process results in CF of 2.6 and SNR of 35 dB.  

Varying the sub block size of the RGB image has changed the CF and SNR as shown in Fig.5. This 

has the same performance style as that of a grayscale image type. The difference in values can be 

referred to the nature of the image or the amount of redundancy it may has. 

 

 
Fig.5 Effect of changing submatrix size on CF and SNR of RGB image 

 

For the same image, the division factor has been changed and the effect of that change on both the CF 

and SNR is illustrated in Fig.6. Similar to the grayscale image type behavior, the CF has been 

improved as the division factor increases while the SNR is reduced accordingly. 

 

 
Fig.6 Effect of changing division factor on CF and SNR of RGB image 

0

2

4

6

8

10

12

14

0 10 20 30 40 50 60 70

Submatrix size

C
F

15

20

25

30

35

40

0 10 20 30 40 50 60 70

Submatrix size

S
N

R

0

2

4

6

8

10

12

0 10 20 30 40 50 60 70

Submatrix size

C
F

5

10

15

20

25

30

35

40

0 10 20 30 40 50 60 70

Submatrix size

S
N

R

2

2.2

2.4

2.6

2.8

3

3.2

3.4

1.7 1.9 2.1 2.3 2.5 2.7

Division factor

C
F

0

5

10

15

20

25

30

35

40

1.7 1.9 2.1 2.3 2.5 2.7

Division factor

S
N

R



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

51 Vol. 4, Issue 2, pp. 46-52  
 

V. CONCLUSION 

Wavelet coding scheme provides a good picture quality at low bit rates. This study shows the 

importance and the role of some effective parameters used in wavelet compression technique. The 

compression factor and SNR were measured and analyzed under several conditions such as; image 

type, image size, sub block size and division factor. Results were obtained and represented to 

illustrate the importance of each individual item. Although slight differences were obtained when 

changing the image size and type, but this is mainly due to the nature of images being used. On the 

other hand, increasing the division factor has shown a large degradation in the quality and so on the 

SNR. The sub block size has also been increased leading to an improvement of the compression factor 

with a small degradation in SNR. Changing the image size has no dramatic effect on the compression 

factor but has provided better SNR. Accordingly, one can chose the suitable values of the wavelet 

parameters to obtain the desired results in terms of compression factor and SNR.  
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ABSTRACT 

Accidents in construction sites are unplanned occurrences involving movement of persons, objects or materials 

which may result in injuries, damages and losses to properties or people. The majority of accidents happen as 

result of unsafe acts and unsafe conditions. Since all hazards in construction workplaces are not always 

possible to be identified and eliminated therefore effective accident investigation programs are essential for 

collecting critical data. Construction accidents can be prevented just by identifying the root causes of accidents, 

which is possible by accident investigation techniques such as theories of accident causation theories and 

human errors; these theories provide explanations of why accidents happen. This paper is aimed at reviewing 

the most common accident causation theories which mainly focus on people variable, management aspects and 

physical characteristics of hazards. The intention of this paper is to enhance the overall understanding of the 

accident causation theories which signifies the identification of how hazards in the construction workplaces 

cause losses. On the contrary the weakness of these theories is that they do not offer extensive strategic 

guidelines for managers and supervisors for reducing risks at construction workplaces. Moreover, these 

theories imply the inappropriate perception that accidents in workplaces can be prevented if human errors are 

eliminated. Strategies need to be revised to manage the risk and workers need to be watchful of it. A great 

number of accidents can be prevented if the safety management system reflects both natural degradation and 

these intrinsic threats. The initial step in developing such system is preparing a model which shows the 

interaction between the accident likelihood and organizational tasks and activities in the presence of these 

hazards. 

KEYWORDS: Construction safety, Hazards, Construction accident, Accident causation theory/model, 

Accident prevention 

I. INTRODUCTION 

Construction industry plays an important role in improvement of countries’ economic growth. Despite 
the contributions to economical growth, construction industry has always been blamed for the high 
rates of accidents and fatalities; this issue has placed the construction industry among the industries 
with unreasonable rates of accidents, permanent and non permanent disabilities and even fatalities. 
There are many evidences in representing construction industry as a hazardous and inconsistent 
industry [1]. High rates of accidents and fatalities in this industry have placed it among hazardous 
industries. The costs of injuries, which are direct and indirect, Workers’ compensation insurance, 
legal liability as well as legal prosecutions have pushed parties involved to seek ways of mitigating 
these hazards [2]. The world rates of occupational injuries, illnesses and fatalities are still alarming. 
Nationally, more than 55,000 people die from occupational hazards annually, 294,000 illnesses and 
3.8 million are getting injured. The accidents’ annual direct and indirect costs have been appraised to 
be from $128 billion to $155 billion. Construction accidents lead to delay in project completion, 
increase the expenses and ruin the reputation and reliability of constructors [3]. According to report 
by NSC (National Safety Council) in 1996, 1000 construction workers died at work and 350,000 
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suffered disabilities. Although Construction workers constitute only 5% of the United States' 
workforce, an out of proportion rate of 20% of all occupational fatalities and 9% of all disabling 
occupational injuries relate to construction industry [4]. 
Construction accidents can be prevented just by identifying the root causes of accidents, which is 
possible by accident investigation techniques such as theories of accident causation and human errors. 
Accident prevention has been defined by Heinrich as ‘An integrated program, a series of coordinated 
activities, directed to the control of unsafe personal performance and unsafe mechanical conditions, 
and based on certain knowledge, attitudes, and abilities’. Some other synonyms for accident 
prevention have been emerged later such as loss prevention, loss control, total loss control, safety 
management, incidence loss control [4]. This paper is aimed at reviewing the most common accident 
causation theories, which are focused on people variable, management aspects and physical 
characteristics of hazards. This paper tries to enhance the overall understanding of the accident 
causation theories, opportunities, weaknesses of them and effective strategies to overcome the 
deficiencies. The importance of understanding the accident causation theories is in recognizing how 
hazards in the construction workplaces cause losses. 

II. THEORIES OF CONSTRUCTION ACCIDENTS CAUSATION 

2.1 Heinrich Domino theory of accident causation 

Heinrich was the pioneer in the Accident causation theories. He described the accidents causation 
theory, man and machine relationship, frequency and severity relation, unsafe acts reasons, 
management role in accident prevention, costs of accidents and the impact of safety on efficiency [5]. 
According to statistics on accident’s reports Heinrich deduced that 88 percent of accidents are due to 
unsafe act of workers, 10 percent due to unsafe conditions and 2 percent of all accidents are 
associated with act of God such as natural disasters. According to his analysis Heinrich defined 
accident as ‘an unplanned and uncontrolled event in which the action or reaction of an object, 
substance, person, or radiation results in personal injury or the probability thereof’ [4]. Heinrich 
(1959) described the accidents causation theory, man and machine relationship, frequency and 
severity relation, unsafe acts reasons, management role in accident prevention, costs of accidents and 
the impact of safety on efficiency (See Figure 1). 
 

 
Figure 1: Domino theory of accident causation 

Heinrich established the ‘Domino theory’ which is based on five sequential factors as following [6]: 
i. Ancestry and social environment; Ancestry and social environment are the process of acquiring 

knowledge of customs and skills in the workplace. Lack of skills and knowledge of performing 
tasks, inappropriate social and environmental conditions will lead to fault of person. 

ii. Fault of person (carelessness); Faults of person or carelessness are negative features of a person 
personality although these unwanted characteristics might be acquired. The result of carelessness 
is unsafe act/conditions. 

iii. Unsafe act and/or mechanical or physical condition; Unsafe acts/conditions include the errors and 
technical failures which cause the accident. 

iv. Accident; Accidents are caused by unsafe acts/conditions and subsequently lead to injuries 
v. Injury; Injuries are the consequences of the accidents. 
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The Heinrich’s domino theory is comprised of five standing dominos which will fall one after the 
other if the first domino (Ancestry and social environment) falls. The accident can be prevented only 
if the chain of sequence is disturbed, e.g. the unsafe act/condition can be eliminated in order to 
prevent the accidents and associated injuries. Heinrich efforts on accident causation theory can be 
summed up into two points, People (Human) who are the main reasons of accidents and Management 
which has the responsibility of preventing the accidents (having the power and authority) [7]. 
Heinrich’s domino theory was blamed for the process of simplifying the human behavior control in 
accidents. Heinrich domino theory became the basis for many other studies on accident causation 
model with emphasis on management role in accident prevention; these studies are called 
Management Model or Domino’s Updated Model. Management models believe that management 
system is responsible for occurrence of accidents [4]. 

2.2 Management-based theories 

Heinrich’s opinions were criticized for too much simplifying the control of human behavior in 
accident causation; however Heinrich’s research and work was foundation for many other researchers. 
The domino theory of Heinrich has been modified and updated over the years with greater emphasis 
on management as an original cause of accidents. The results of this updating were named as 
management-based theories or updated domino models. The management-based theories define 
management as responsible for causing accidents and the theories attempt to recognize failures within 
the management system. Updated domino sequence (Bird 1974), the Adams updated sequence 
(Adams 1976) and the Weaver updated dominoes (Weaver 1971) are some examples of management-
based theories. There are other management-basedtheories which are not domino-based such as Stair 
step model (Douglas and Crowe 1976) and the multiple causation model (Petersen 1971) [4]. 

2.2.1 Multiple causation model (Petersen, 1971; Non-Domino-based model) 

The Heinrich domino theory is structured on theory that an accident is caused by a single cause.  
Petersen (1971) developed a model based on management system rather than individual (See Figure 
2). Petersen believed that there are two major features of the events which leading to an accident, 
namely an unsafe act and an unsafe condition [6, 8]. However, there are more than single cause which 
contribute or lead to both unsafe act and unsafe condition and finally occurrence of an accident. 
Unlike simplified theory of domino, there are causes and sub-causes when an accident happens. 
Through identification of these multiple contributing causes of accident, the unsafe acts and unsafe 
conditions should be prevented from arising [9, 10]. 
  

 
Figure 2: Multiple causation theory [11] 

2.2.2 Weaver updated dominoes (Weaver, 1971; Domino-based model) 

Weaver developed an accident theory based on Heinrich domino theory with emphasis on the role of 
management system. Weaver regarded the dominoes three, four and five of Heinrich dominoes as 
errors caused by operation. Weaver tried to reveal the role of operational errors by not only 
determining the cause of accident; but also identifying the reasons that the unsafe act was allowed to 
continue and determining whether the management had the safety knowledge to avoid the occurrence 
of accident. Weaver set questions in order to clarify the underlying causes of accident; if management 
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had the knowledge of safety and relevant standards of the work, what was the reason that the worker 
was confused to continue the work in unsafe condition. The answers to the questions can manifest the 
underlying operational errors which caused the accident [4, 6]. 

2.2.3 Updated domino sequence (Bird, 1974; Domino-based model) 

Bird and Loftus (1974) updated the “Domino theory” in order to reflect the role of management 
system in the sequence of accident causes defined by Heinrich (Domino-based model) (See Figure 3). 
The updated and modified sequence of events is [6, 12]: 
i. Lack of control/management (inadequate program, inadequate program standard, inadequate 

compliance to standard) 
ii. Basic causes/origins (basic causes: 1-personal factors, 2-job factors) 
iii. Immediate causes/Symptoms (sub-standard act and condition) 
iv. Incident (contact with energy and substance) 
v. Loss (property, people, process) 

The update domino sequence can be used and applied to all types of accidents and is fundamental in 
loss control management [9, 10]. 
 

 
Figure 3: Updated Domino sequence of accident causation theory (Bird 1974) 

2.3 Human errors Models 

2.3.1 Behavior models 

Behavior model blame humans for occurrence of accidents. Errors in this approach are likely to be 
done by humans in different environmental conditions. Humans are blamed just for their unsafe 
behavior [13]. Rigby (1970) defined human error as ‘anyone set of human actions that exceed some 
limit of acceptability’. Behavior models are mostly based on the accident proneness theory indicating 
that some people have specific characteristics which make them more susceptible of having accidents. 
Many behavior models have developed by researchers in order to describe the reasons for accidents 
repeaters such as the ‘Goals freedom alertness theory’ (Kerr 1957) and the ‘Motivation reward 
satisfaction model’ (Petersen 1975) [4, 6]. 

2.3.1.1 Goals Freedom Alertness Theory (Kerr 1957) 

Goals Freedom Alertness theory of accident reflects the idea that the psychologically satisfying and 
desirable work environment lead to the safe performance of tasks and activities. The theory expresses 
the idea that accidents are low-quality activities due to unpleasant psychological work environment. 
Alertness will be lowered as a result; the higher and the richer the climate is in terms of economic and 
non-economic opportunities, the more chance of alertness is created. The result of alertness is a higher 
quality performance and finally an accident-free work environment. A psychologically satisfying 
work environment is a place where the workers are encouraged for performing their best, taking part, 
arranging achievable goals and innovating methods of achieving those goals. Workers are free for 
participating in identifying and solving work problems; the management system permit their workers 
to define goals for themselves and also let them innovate methods of achieving their goals. 
Management can improve the environment of work for workers by managerial techniques, 
participative methods, setting defined goals for workers etc [4, 8]. 

2.3.2 Human factor models 
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Human factors model is based on the idea that the human errors are the major cause of accidents; 
however human unsafe behavior as well as poor design of workplace and environment which do not 
consider the human limitation, are considered as contributory factors. Ferrel theory (Ferrel 1977), the 
Human-error causation model (Petersen 1982), the McClay model (McClay 1989) and the Dejoy 
model (Dejoy 1990) are samples of human factor model [4, 6, 8]. 

2.3.2.1 Ferrel Theory 

Doctor Russel Ferrel (1997) developed his theory of accidents based on a chain of human factors 
causes (See Figure 4). He believed that the human errors are the main causes of accidents occurrence 
and they are caused by the following factors [4, 6, 7, 8]: 
i. Overload; the overload factor reflects the incompatibility between the load and the capability of 

the human. The result of this mismatch is anxiety, pressure, fatigue and emotions that can be 
intensified by physical environment such as dust, light, noise, fumes etc. where the person is 
working. 

ii. Incorrect response; the incorrect response by the person is caused by the incompatible situation 
where he/she is working in. 

iii. Improper activity; the person perform the activity improperly either due to lack of knowledge of 
appropriate way of performing the activity, or intentionally take the risk. 
 

Physical environment (i.e. light, noise, dust)  Mental capability 
����  ���� 

Incompatibility or mismatch (Physical environment - Mental capability) if exist 
���� 

Overload (Anxiety - pressure - fatigue - emotions) 
���� 

Incorrect response 
���� 

Improper activity by the person 
���� 

Accident 
Figure 4: Ferrel’s theory of accidents causation 

2.4 The ‘Swiss Cheese’ Model 

The ‘Swiss Cheese’ accident causation model was first developed by James Reason (1970-1977) as a 
linear accident causation model. The theory is currently widely used since it simply suggests that the 
organizations try to prevent accidents by defenses in order not to allow the risks and hazards become 
loss (See Figure 5). These organizational defenses are divided into two groups [16]: 
i. Hard defenses which are automatic alarming systems, physical obstacles, engineered safety 

appliances and weak points included into the main system for protection such as fuses. 
ii. Soft defenses which are dependent upon the personnel and procedures; regulations of required 

performance, investigation, checking, regular procedures of performance, education and training, 
supervision and working permission. Soft defenses also involve supervisors and operators as the 
pioneers. Losses to people, equipment, assets are the potential consequences of hazards in an 
organization.  

Reason claims that a trade-off exists between the level of protection provided for the product and the 
production; the risks included in any product should be defended by the organization for the well 
being of customers but the level of safety and protection should be equivalent to the risks associated 
with the work [4]. If the level of protection is higher than required then the company will not be 
commercially profitable and if the protection level is less than the associated risks the occurrence of 
accident is susceptible and the organization will lose the business opportunities. The equilibrium 
between the protection and the production is essential for the durable commercial survival of the 
business; since the production process is visible the product can be managed and inspected for the 
desired output but the level of protection can be measured only after the inadequacy is determined 
[15, 16]. 
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Figure 5: Swiss Cheese Accident Causation Model (James Reason, 1970-77) 

Although organizational accident defenses are seen as obstacles which prevent the hazards from 
converting into losses, the obstacle and barriers have holes in them as slices of Swiss cheese; Reason 
called his model Swiss cheese because of theses defects in the organizational defenses [14, 15]. The 
foremen of an organization are in charge of the sharp-end procedures which represent the “unsafe 
acts” slice of cheese in the model. The holes in the unsafe act slice are the human errors or unsafe 
acts. Reason believed that accidents are caused by active failures and immediate causes which are the 
results of mistakes, slips and violations of standards. Accidents can be either caused by singular 
human error or a combination of them as immediate causes of accidents; the combination of violation 
and mistake is a very usual cause of accidents [4]. There have been a lot of improvements in 
technology and engineering which means the technical failures are tried to be eliminated; therefore 
most of the time human errors are blamed to be the major cause of accidents. On the contrast the more 
improvements have been achieved in technology and engineering, the more number of accidents 
caused by human errors are reported. Unsafe condition is represented by holes in the next slice of 
Reason Swiss cheese model; the unsafe condition and the psychological risk factors are the 
contributory factors to unsafe act of workers. Unlike active failures and immediate causes in previous 
slice, the holes in this slice are the hidden contributory factors of accident. The relationship between 
unsafe condition and unsafe act is a one-to-many interaction; unsafe condition can lead to many 
hazards and unsafe acts [14, 16]. 

2.5 Accident Root Causes Tracing Model (ARCTM) 

Accident Root Causes Tracing Model (ARCTM) shows further advances of many of the previous 
accident models. Many important rules of the model have been derived from the effort of Heinrich 
(1959), Petersen (1971), Bird (1974), Ferrell ((as referenced in Heinrich et al. (1980)], and Petersen 
(1982). The main reason of this model is to provide an investigator with an easy model for 
identification of root causes of construction accidents, compared to sophisticated models of accident’s 
investigation. ARCTM expresses the idea that accidents are caused by one or more of the following 
factors [8, 17]: 
i. Not identifying the unsafe condition existed before or advanced after an activity starts (Unsafe 

condition) 
ii. Performing the task despite the worker realizes the existence of unsafe condition (reaction of 

worker to unsafe condition) 
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iii. Performing unsafe act without consideration of task’s environmental condition (Unsafe act of 
worker) 

2.5.1 Unsafe condition 

Unsafe condition is condition where workplace and its environment are not safe according to safety 
and health standards. Unsafe conditions include wrong scaffolding, openings, protruding 
reinforcement bar and etc. ARCTM defines two types of unsafe conditions in terms of when they 
occurred in task sequence and who made the unsafe condition to advance [4]: 
i. Unsafe condition which exists before commencement of a task 
ii. Unsafe condition which progresses after commencement of a task 

The ARCTM suggests that the unsafe conditions are the result of one of the following factors [4, 8]: 
i. Management acts or omissions; Management may, for instance, assign workers to do tasks 

beyond safety standards, not providing workers with protective equipment, not providing 
safeguards for equipments etc. 

ii. Worker or coworker unsafe acts; Inexperienced workers or coworkers may perform unsafe acts 
iii. Events not related to human act; Natural disasters such as earthquakes, storms, floods etc. may 

lead to unsafe conditions. 
iv. Unsafe conditions which initially exist in construction workplaces; Examples of initial unsafe 

conditions include rough land situation, scattered materials, hidden holes etc. 

2.5.2 Reaction of worker to unsafe condition 

Reaction of workers to unsafe conditions depends on the fact that whether the worker identifies the 
unsafe condition or not and can be summarized as follows [4, 17]: 
i. The worker does not identify the unsafe condition; therefore there is no risk and hazard 

consideration by the worker. There is a fact that some unsafe conditions can not be identified 
such as not-human-related conditions or human factors violation. Human factors violation may 
lead to injuries namely cumulative trauma disorders, carpal tunnel syndrome, fatigue, 
overexertion etc. 

ii. The worker identifies the unsafe condition and recognizes the related hazards; reaction might be 
safe act and quit the task until the unsafe condition is modified or disregard the unsafe condition 
and continue the task (unsafe act). The reasons of failure to identify unsafe condition and also the 
reasons that worker continue the task after identification of unsafe condition should be 
investigated by management. 

2.5.3 Unsafe act of worker 

A worker might perform unsafe acts regardless of the condition of the work (Safe or unsafe 
condition). In this situations worker might continue the work in unsafe condition or performing the 
task without safety standards consideration; working without protective equipments or working when 
lack enough sleep etc [4, 17]. 

2.5.4 Application of ARCTM in accident investigation 

Following the occurrence of accident, the investigators use preliminary investigation and reporting 
tool for investigation of accident.  The next step is to critically investigate the accident using the 
ARCTM which states that the accident is due to three root causes namely unsafe condition, reaction of 
worker to unsafe condition and unsafe act of worker. The ARCTM structured model try to help the 
investigator to identify how the root causes have advanced by series of questions and possible answers 
about the root causes (See Figure 6). The numbers shown in brackets represent specific issues that 
should be recognized and modified in order to avoid reoccurrence of accident. The numbers 1, 2 and 3 
in brackets represent worker training problem, worker attitude problem and management procedure 
problem. Actually these problems are not the root causes of accidents and ARCTM insists on 
cooperation between workers and management to prevent the reoccurrence of accidents. ARCTM 
application in accident investigation includes the following steps [4, 17]: 

i. The first step is to determine the existence of any unsafe condition either before or after 
commencement of an activity. If the worker was exposed to an unsafe condition, the existence and 
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advancement of unsafe condition should be identified by the questions shown in table. ARCTM 
suggests that unsafe condition is caused by four factors as following: 

a. Management acts or omissions: The accident investigator should determine why the unsafe 
condition was not recognized by management and who is in charge of that. Number [3] shows 
that there is a problem with management system. 

b. Worker or coworker unsafe acts: The investigator should realize whether the cause of unsafe 
condition was social, peer or management pressure. Worker attitude problem lead to social 
and peer problem while management process problem lead to management pressure. 
Knowledge of (co)worker about the correct way of doing the task should be identified by the 
investigator. If the worker knew how to perform the task, then the worker has attitude 
problem but if the worker did not knew the correct way of performing task then the problem 
is due to training. The frequency of unsafe act by worker should be determined, if the worker 
occasionally/always perform unsafely then the problem is related to the management since 
there should be inspection programs which discourage the unsafe acts of worker. If the 
worker had committed the unsafe act for the first time then the previous question is to be 
answered. 

c. The investigator should identify whether the management or worker were able to recognize 
the unsafe condition or not. If they were capable of identifying the unsafe condition then the 
problem is related both to worker training and management process, but if identification of 
unsafe condition was impossible then the accident was inevitable. 

ii. The investigator should determine that if an unsafe condition was existed either before or 
after the task, was the worker recognized it. 

a. If the worker did not recognize the unsafe condition then the investigator should find the 
reasons of this failure through the questions of ARCTM approach. If the worker assumption 
on condition was wrong then the reasons should be investigated whether it was due to the 
incapability to identify the unsafe condition of task because of lack of knowledge, or the task 
was new to the worker. Worker’s training is the basic problem of accident in this situation. If 
the worker was informed that the condition was safe then the investigator should recognize 
the informant and the reasons that the informant considered the condition as safe. If a 
coworker considered the condition as safe and informed the worker then there is a problem 
related to worker training or attitude, but if the management informed the worker that the 
condition is safe then the management process is considered to have problem. Whether the 
worker followed the appropriate procedure of performing task should be identified by the 
investigator, if not so then the investigator should find out if the worker knew about the 
appropriate procedure. If the worker had the knowledge about the appropriate procedure the 
problem is related to his/her attitude, but if the worker did not have the knowledge then the 
problem is with the worker training. The frequency of performing the task in wrong way by 
worker should be determined by investigator. If the worker always or occasionally uses the 
wrong procedure of performing the task then the problem is related to the management since 
management should inspect and modify the wrong way of performing tasks, but if the worker 
performs the task wrongfully for the first time then the problem should be traced in the 
previous question. 

b. The reason behind the inappropriate decision made by the worker when he or she recognized 
the unsafe condition and continued the task should be determined by the investigator through 
the questions in ARCTM approach. Whether the worker regarded taking the task was 
essential or he/she was forced by social, peer or management should be investigated by the 
investigator. If management pressure resulted in decision then the problem is related to 
management process, but if the social or peer pressure resulted in decision to continue the 
task then the problem is with the attitude of the worker. Whether the worker did not consider 
all characteristics of the condition should be determined by the investigator; if so then the 
problem is related to the training of the worker. Whether the worker has though that he/she 
could continue performing the task safely should be determine by the investigator; if so there 
is a worker attitude problem. Whether the worker knew the appropriate way of doing the task 
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or not should be identified by the investigator; if the answer is positive the problem is related 
to attitude of the worker but if he/she did not knew the appropriate way then the problem is 
related to worker training. Whether the worker always/occasionally continued the task when 
he/she recognized the unsafe condition should be identified by the investigator; if the worker 
did so then it is a management-related problem because the management should inspect and 
modify the unsafe act of workers, but if the worker continued to perform the task despite 
he/she recognized the unsafe condition for the first time then the problem should be traced in 
the previous question. 

iii. Whether the worker acted unsafely or not if there were no unsafe conditions confronted by 
worker involved in accident (before or after commencement of task) should be identified by the 
investigator. The investigator should review the step 1 for identifying unsafe conditions around the 
accident when the worker did not commit any unsafe acts; but if the worker acted unsafely then the 
investigator should follow the questions to identify the reasons of worker decision. Whether the 
unsafe act was caused by social, peer or management force should be determined by the investigator; 
if social or peer act resulted in unsafe act then the problem is related to the worker attitude, but if the 
management pressure resulted in unsafe act the problem is related to management process. Whether 
the worker knew the appropriate way of performing the task or  not should be identified by the 
investigator; if the worker knew the problem is with his/her attitude, but if the worker did not knew 
the correct way of performing the task the problem is related to the worker training. The frequency of 
performing task in unsafe manner should be determined by the investigator; if the worker 
always/occasionally perform the task in unsafe manner the problem is with the management process 
because the management should inspect and modify worker’s unsafe act, but if the worker perform 
the task unsafely for the first time then the problem should be traced in the previous question. 
The ARCTM approach can be summed up into three main principles; Workers who are new and do 
not have enough knowledge and training on performing their tasks should not be hoped for 
recognizing all unsafe conditions or even preventing accidents from happening. Workers who have 
enough knowledge and training about how to perform their tasks will not be free of accidents if they 
do not change their behavior in terms of safety; and finally management process has to be planned as 
to inspect and eliminate the unsafe conditions faced by workers proactively; management should 
continuously mention and reinforce the significance of safety among workers [8, 17]. 
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Figure 6: Accident Root Causes Tracing Model (ARCTM) [4, 17] 

2.6 Hierarchy of causal influences 

The approach in the model of ‘Hierarchy Of Casual Influences’ is close to opinions of Kletz (2001) 
and Svedung and Rasmussen (2002) and others who believe that there is a lack of suitable and 
versatile accident causation model in handling high versatile socio-technical procedures like those 
exist in construction industry. The model proposes that the lack of adequate communication between 
work team, workplace, equipment and materials can lead to creation of ‘immediate accident 
circumstances’.  The performance of worker, site, equipment and material agents which could 
ultimately lead to or prevent an accident, relying on proximal effects in turn; such factors are named 
‘Shaping factors’ in this model. Shaping factors are dependent on other effects away from the center 
of model named ‘Originating influences’ (See Figure 7) [9, 18]. 
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Figure 7: Hierarchy of casual influences in construction accidents [9, 18] 

2.7 Behavior-based safety (BBS) 

Behavior-based safety (BBS) is the main area to consider when discussing safety issues in 
construction. BBS are safety techniques which have the capacity to enhance safety and health issues if 
it is implemented in a safety supportive environment [19]. With regard to Furnham’s (1994) 
Sequential Accident Model, Lingard and Rowlinson expressed that BBS techniques will not succeed 
if workers fail to recognize and understand the health hazards at construction sites. The integration of 
safety and health of construction workers into the early stages of planning and design is the ultimate 
aim of BBS systems [20, 21]. The integration of safety and health of construction workers into the 
early stages of planning and design is the ultimate aim of BBS systems. The systems of integration of 
safety into planning and design can identify general health and safety hazards which are related to 
different construction activities prior to commencement of activities in planning and design phase 
[22]. 

2.8 Modified Statistical Triangle of Accident Causation  

Based on the Modified statistical triangle of accident causation (See Figure 8) when a hazard happens, 
the base of the triangle is the location where the hazard will be placed; this is called ‘hazardous 
event’. The severity of the hazard will determine the movement of the hazard up the triangle. ‘Near 
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miss’ is the term used for the lower base of the triangle which means that a hazardous event with no 
physical injury for instance zero severity. The intermediate part of the triangle represents the area of 
severity greater than zero and it means that the hazardous event causes an accident with physical 
injuries. The highest point of the triangle represents the most hazardous event which means that the 
accident occurs and the result is fatality and loss of human life. [22]. 

 
Figure 8: Modified Statistical Triangle of Accident Causation [22] 

There are two main aspects in control and management of hazards in construction; avoidance of 
occurring of hazardous event and restricting the severity potential of hazards if the hazard happens. 
Based on Fig. 8 the first step is preventive control measures which include practices to restrict the 
entrance of hazardous event into the triangle by lessening the probability of happening of the hazard. 
Precautionary control measures are at the second step which is designed to restrict the movement of 
hazardous event through the upper part of the triangle; this step lessens the risk via lessening the 
severity of the hazard if it happens. [22]. 

III. RESULTS AND DISCUSSION 

Theories and models of construction accidents causation are developed on the basis of describing how 
construction accidents happen. These theories and models illustrate how threats are translated into an 
injury or loss. Heinrich’s domino theory, as an example, developed in 1931, proposes that one event 
leads to another, then to another and so forth, ending in an accident. The domino theory defined that 
88 per cent of construction accidents are caused by unsafe acts of persons, 10 per cent by unsafe 
conditions and finally 2 per cent by ‘acts of God’. It is interesting to notice that ‘acts of God’ concept 
in domino theory implies the fact that there might be a level of risk which is not controllable [4]. The 
domino theory represented a simple model based on a singular concept of risk. Subsequent theories 
and models of accident causation represented a higher level of sophistication and extensiveness. 
These subsequent theories defined immediate and contributing causes of accidents. Immediate causes 
constitute of unsafe acts and unsafe conditions while contributing causes include safety management 
performance and the mental and physical condition of the worker. The later theories of accident 
causation express the significance of the management of the systems, such as regulations for the use 
of safety equipment and interventions for hazards correction. This idea is, however, overshadowed by 
an intense emphasis on the worker as the initial inciter of accidents with the worker acting unsafely or 
being in an unsuitable mental or physical state [5]. There are some other accident causation theories, 
such as biased liability theory, state that once a construction worker has experienced an accident, the 
opportunities that the same worker experience further safety and health violations may either decrease 
or increase compared to other workers. According to these former theories of accident causation there 
is always a group of workers who are more likely to experience accidents. These models ignore the 
safety responsibility of management and put the whole responsibility on the shoulder of workers. 
Training of workers in order to reduce risks tolerance is recommended in these types of accident 
causation theories. Human behavior is the basis and foundation of risk in these models [23]. 

Further accident causation models, such as Goals freedom alertness theory’ (Kerr 1957) or Motivation 
reward satisfaction model’ (Petersen 1975), focused on the concept of ‘human errors’. It is not defined 
that whether these human errors were the signs of underlying systematic problems, such as training 
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deficiencies or situation of the working. According to these models, it is not easy to change the view 
to underlying problems rather than symptoms since the emphasis of the accident investigation is on 
‘unsafe acts’ and ‘unsafe conditions’ [8]. It should be taken into account that many accidents happen 
not because they are not preventable, but because the organization did not learn from previous 
accidents. Therefore in preventing the reoccurrence of accidents in construction workplaces, the 
human dimension of accidents causation should be taken into consideration at a macro or 
organizational level, rather than simply considering the individual worker level [23].  
The human error concept of accident causation was extended later by the development of the human 
factors in accident theories and models such as Ferrel theory (Ferrel 1977), the Human-error causation 
model (Petersen 1982) and the McClay model (McClay 1989). The interactions between the worker 
and the work environment, tools and equipments and other contributing factors results in adverse 
effect in work systems which began a sequence of events leading to accident [6, 8]. These theories of 
accident causation define that for instance, worker errors may result in mistakes and deficiencies in 
design of equipments. In addition, poor maintenance practices may intensifies the design defects; 
therefore the combination of these causes with poor operating routines may create violations from 
safety [13]. 
There are theories of accident causation such as that developed by reason in 1990’s, which states that, 
the accumulation of human errors result in active and latent failures. The active failures can be notices 
immediately most of the time, while the latent failures are noticeable just when they are combined 
with supplement causes to violate the systems’ defensive actions. The Reason’s theory of accident 
causation challenges the inappropriate belief of managers which assume that systems are safe and to 
search for underlying variables [23] 

IV. CONCLUSION 

Accidents and incidents in construction workplaces are unplanned and unwanted occurrences 
involving movement of persons, objects or materials which may result in injury, damage or loss to 
property or people. The majority of accidents happen when employees disregard safety rules (Unsafe 
acts) and management ignore the presence of unsafe conditions. Therefore unsafe acts and unsafe 
conditions are the immediate (direct) causes of accidents. On the other hand, physical and mental 
condition of the person as well as environmental forces and supervisory safety performance are the 
contributory (indirect) causes of accidents. 
Accidents are determined to follow a pattern; accidents causation theories and models provide 
explanations of why accidents and incidents happen. All the construction accident causation theories 
and models developed have considerably increased the understanding of accidents and how they 
happen. They have stimulated a strong and powerful emphasis on the role of human error which has 
resulted into a reasonable place for training and education of workers in order to develop 
competencies and safety awareness. However there is a fundamental dilemma which is the different 
interpretations of risk, safety and the extent of risk which needs to be reduced to be acceptable. People 
are likely to believe that once an action is executed in response to a hazard, the situation is safe or safe 
enough. The weakness of the accident causation theories is that they do not offer extensive strategic 
guidelines for managers and supervisors for reducing risks at construction workplaces. Moreover, 
these theories have implied the inappropriate perception that accidents in workplaces can be prevented 
in case human errors are eliminated. Since risk is beyond the human intervention, not all accidents are 
preventable. Strategies require to be revised in a manner to manage the risk and workers need to be 
watchful of it. A great number of accidents can be prevented if the safety management system reflects 
both natural degradation and these intrinsic threats. The initial step in developing such system is 
preparing a model which shows the interaction between the accident likelihood and organizational 
tasks and activities in the presence of these hazards. 
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ABSTRACT 

This paper deals with the development of a mathematical model for the replacement of a block of items using 

discrete-time higher order Markov Chains. In this study, a special reference has been given to a block of Air 

Conditioners. In order to make the model to yield more realistic results, three intermediate states viz., Minor 

Repair State, Semi-Major Repair State and Major Repair States have been considered between working State & 

breakdown State of the system. The model is developed with an objective of optimizing the maintenance costs 

associated with a block of similar multi state repairable items. Transition Probabilities for future periods are 

estimated by Spectral Decomposition Method for First Order Markov Chain (FOMC) and Moving Weighted 

Transition Probabilities (MWTP) Method for Second (Higher) Order Markov Chain (SOMC). Using these 

probabilities, the number of Air Conditioners in each state and the corresponding average maintenance costs 

are computed. The forecasted inflation for Air Conditioners and the real value of money using Fisherman’s 

relation are employed to study and develop the real time mathematical model for block replacement decision 

making. 

KEYWORDS: Replacement, Higher Order Markov Chains, Transition Probability, Spectral Decomposition 

Method, Inflation. 

I. INTRODUCTION 

The replacement decisions in most of the multinational companies, Software Development Centers, 

Star Hotels and other major food processing industries are mostly with the air conditioners. The 

primary decision is generally whether to replace the existing block of air conditioning system 

containing a large number of air conditioners or use for some more period otkgvk,f time. 

The activity of maintenance involve a variety of repairs & services ranging from minor to major 

which cannot be defined and computed exactly in specific, various costs, and influence of various 

economic variables such as Inflation, value of money etc. 

Several researchers investigated the optimal age replacement models with repairs to reduce the cost. 

Nuthall et al (1983)[18] studied the impact of inflation on replacement costs along with the impact of 

some other parameters viz. financing method and increased or decreased hours of use. Chein et al 

(2007) [5] presented an age-replacement model with minimal repair based on cumulative repair cost 

limit. In this they considered the complete repair cost data in order to decide whether to repair the unit 

or to replace. Bagai et al (1994) [9] discussed optimal replacement time under the age replacement 

policy for a system with minimal repair that involves the replacement of only a very small part of the 
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system. Rupe et al (2000) [10] explored the maintenance models for finite time missions by 

considering net present value of costs. 

There are some studies on the replacement decisions for warranted products.  Zuo et al (2000) [28] 

discussed replacement policy for multi state Markov deterioration of machines that are under 

warranty. Pan et al (2010) [26]extended the work of Zuo et al (2000) [28] by considering more 

general state space with time parameters at each state. 

Archibald et al (1996) [24] studied and compared the optimal age-Replacement, Standard Block 

Replacement and Modified Block Replacement (MBR) Policies with an inference of MBR policy is 

appreciably better than the remaining two. 

However there is no much literature on block or group replacement model with Markov chain 

transition probabilities that is being used in many applications. 

Markov chains concept was used by Stelios et al (1980) [22], Jianming et al (2003) [11], Shamsad et 

al (2005) [21], Ying-Zi Li et al (2009) [25], Avik Gosh et al (2010) [1], Carpinone et al (2010) [4], for 

forecasting of different parameters viz. Power generation, monsoon rainfall, manpower supplying, 

wind speed. With the increasing popularity of use of Markov chains, some studies by Bruce Craig et 

al (1998) [3] and Liana Cazacioc et al (2004) [12] are made on estimation and evaluation of transition 

probabilities using Markov chains. 

Markov Chain forecasts as observed by Ying-Zi Li et al (2009) [25] have some practical value that 

yielded relatively satisfied results.  Shamsad et al (2005) [21] and Carpinone et al (2010) [4] observed 

that Second order Markov chains resulted in better forecast performance than first order Markov 

forecasts. 

Naveen et al. (2011) [13-17] attempted to apply second order markov chain concept to compute the 

optimal replacement age for a block of computer systems.  

As the estimation of transition probabilities for bigger state space S =1,2,3,…,m is much time 

consuming one, Bruce A Criag et al (1998) [3] and  Sutawanir et al (2008) [23] studied the spectral 

representation of transition probabilities and Zhenqing  Li et al (2005) [27] tried computer aided 

program to estimate the high-order Transition Probability Matrix of the Markov Chain. 

This paper discusses a mathematical model for group replacement of block of air conditioners with 

three intermediary states viz., minor repair state, semi-major repair state and major repair states 

between working state and breakdown state using first order and second order Markov Chains. 

Though it is difficult to identify the specific repairable intermediate state, to make the model 

simplistic the repairs are grouped as below. 

Table – 1: Categorization of identified possible repairs in Air Conditioners 

Minor repairs Semi - Major repairs Major repairs 

Running capacitor problem 

Fan capacitor problem 

Temperature sensor problem 

Condenser fan motor problem 

Condenser blade problem 

Blower problem etc.  

Capillary problem 

Gas leak problem 

Relay board problem 

Display board problem  

 

 

Compressor Problem 

Evaporator problem 

Condenser coil problem etc. 

 

 

The transition probabilities are estimated using first order and second order Markov Chains. 

Transition probabilities for future periods are estimated by Spectral Decomposition in first order 

Markov chain and by Moving Weighted Transition model for second order Markov chain. 

Also the influence of macroeconomic variables such as inflation and time value of money are 

considered to make the model yield better results. 

The following sections deals with the theory of FOMC and SOMC, need for introducing WMTP 

method for predicting Transition Probabilities using SOMC, model development and a the results of a 

case study with a reference to a block of air conditioners. 

II. PROBLEM FORMULATION 

The objective of this study is to develop a mathematical model using Markov process for block 

replacement problem that considers the influence of inflation and time value of money on the optimal 
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replacement policy. A special reference is given to the multi-state (breakdown) repairable system 

containing a block of similar items viz. Air Conditioners.  

This model aims at finding the block replacement period for a group of air conditioners, that may 

consist of many intermediate repairable states like minor repair, semi-major repair and major repair 

etc. between functional and breakdown states that are more realistic. The fundamental objective of 

replacement is to direct the organization for maximizing its profit (or minimizing cost).Formulation of 

the problem is done in three steps: 

i) Block replacement Model using first order Markov Chain. 

ii) Block replacement Model using first order Markov chain considering macroeconomic 

variable i.e. Inflation. 

iii) Block Replacement Model using higher order Markov chain considering macroeconomic 

variable i.e. Inflation. 

III. MECHANICS OF MARKOV CHAIN 

Markov process is a stochastic or random process, which has property that the probability of 

transition from a given state to any future state depends on the present state and not on the manner in 

which it was reached. 

3.1. First Order Markov Chain (FOMC) 

The First Order Markov Chain (FOMC) assumes the probability of next state depends only on the 

immediately preceding state. Thus if t0 < t1 < . . . < tn  represents the points on time scale then the 

family of random variables {X(tn ) } whose state space S = 1,2, …,m is said to be a Markov process 

provided it holds the Markovian property: 

P{X(tn) = Xn | X(tn-1) = Xn-1 ,…, X(t0) = X0 } = P{X(tn) = Xn | X(tn-1) = Xn-1 }……………(1) 

for all X(t0), X(t1) ,…,X(tn) 

If the random process at time nt  is in the state nx , the future state of the random process 1nX +  at time 

t+1 depends only on the present state nx  and not on the past states 02n1n x,,x,x K−− . The simplest of 

the Markov Process is discrete and constant over time. A system is said to be discrete in time if it is 

examined at regular intervals, e.g. daily, monthly or yearly. 

3.1.1. Transition Probability 

The probability of a system moving from one state to another state or remaining in the same state 

during a given time period is called transition probability. Mathematically the probability: 

Px(n-1),x(n) = P{X(tn) = Xn | X(tn-1) = Xn-1 }…………………………….(2) 

is called FOMC transition probability that represents the probability of the system moving from one 

state to another future state. The transition probabilities can be arranged in a matrix of size m x m and 

such a matrix can be called as one step Transition Probability Matrix (TPM), represented as shown in 

Figure 1.  
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Figure 1 One Step Transition Probability Matrix

 
Where ‘m’ represents the number of states. The matrix P is a square matrix of which each element is 

non-negative and sum of the elements in each row is unity i.e. 1P
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  ;  i= 1 to m and 0 ≤ Pij  ≤ 1. 
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The initial estimates of Pij can be computed as,
i

ij

ij
N

N
P = , (i, j = 1 to m) where  ijN  is the raw data 

sample that refer the number of items or units or observations transitioned from the state i to state j. 

iN    is the raw data sample in state i. 

3.1.2. Spectral Decomposition Method 

As the estimation of high–order Markov chain transition probabilities for bigger state space S 

=1,2,3,…,m is much time consuming one, Bruce A Criag et al (1998) and  Sutawanir et al (2008) 

studied the advantage of spectral representation of transition probabilities for multi state process and 

Zhenqing  Li et al (2005) tried computer aided program to estimate the high-order Transition 

Probability Matrix of the Markov Chain. As several software for spectral decomposition are widely 

available [Sutawanir et al (2008)], this method provides flexibility for the computation of transition 

probabilities for multi state process. 

Spectral Decomposition is based on eigen values. It is applicable to square matrix that will be 

decomposed into a product of three matrices, only one of which is diagonal matrix. As a result, the 

decomposition of a matrix into matrices composed of its eigen values and eigen vectors is called 

Eigen or Spectral decomposition. 

An nxn matrix ‘P’ always has ‘n’ eigen values, which can be ordered (in more than one way) to form 

an n x n diagonal matrix D  formed from the eigen values and a corresponding matrix, V, of non zero 

columns (eigen vectors) that satisfies the eigen value equation: PV = VD. 

This gives the amazing decomposition of ‘P’ into a similarity transformation involving V and D as:  

P
 
= V D

 
V

-1
……………………..................................(3) 

Furthermore, squaring both sides of above equation gives:  

P
2 

= (V D
 
V

-1
) (V D

 
V

-1
) 

P
2
          = V D (V

-1
V) D V

-1 

P
2
 = V D

2 
V

-1
…………………………………………..(4) 

Mathematically, Spectral Decomposition can be represented as P
i 
= V D

i 
V

-1 
where i= 1 to n.  

Therefore higher order Transition Probability Matrix (TPM) of five state Markov chain can be 

computed using the equation, P
i 
= V D

i 
V

-1 
(where i= 1 to 5)………………………………(5) 

3.2. Second Order Markov Chain (SOMC) 

Second Order Markov Chain assumes that probability of next state depends on the 

probabilities of two immediately preceding states. Then we will have Second Order Markov 

Chain (SOMC) whose transition probabilities are: 

}X=)X(t,X  )X(t X )P{X(t=)X,X,P(X 2)-(n2)-(n1)-(n1-nnn(n)1)-(n2)-(n ==
………………(6)

 

So as the model under study consists 5 states, the SOMC Transition Probability Matrix(TPM) 

(Andre Berchtold et al 2002) can be formulated as shown in Figure 2. 

The size of the TPM will be m
l 
x m and the number of transition probabilities to be calculated 

in each TPM will be m
l+1 

. The Table–2 gives the number of transition probabilities for 

various combinations of order (l) and states (m). 

Table–2  TPM sizes & No. of transition probabilities for various states and Markov Chain Order 

No. of states (m)→ 2 3 4 5 

Markov Chain 

Order (l)↓ 
A B A B A B A B 

1 2x2 4 3x3 9 4x4 16 5x5 25 

2 4x2 8 9x3 27 16x4 64 25x5 125 

3 8x2 16 27x3 81 64x4 256 125x5 625 

4 16x2 32 81x3 243 256x4 1024 625x5 3125 
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5 32x2 64 243x3 729 1024x4 4096 3125x5 15625 

Where, Column A = Size of the TPM, Column B = No. of Transition probabilities. 
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Figure 2 Transition Probability Matrix of Second Order Markov Chain with 5 states

 

3.3. Moving Weighted Transition (MWT) Probabilities 

From Table-2 it is evident that for higher order Markov chain with more state space, the size 

of the TPM will be too large. Estimation of several hundreds of parameters is too difficult 

and time consuming as well.  Also it will be difficult to analyze and make conclusions or 

decisions. 

To address this, the Moving Weighted Transition (MWT) probabilities are introduced to 

estimate high order transition probabilities this is similar to Mixture Transition Distribution - 

MTD model (Raftery A E, 1985a) except the lag parameters are replaced by the weights. A 

detailed review on MTD is given by Berchtold and Raftery (2002). This makes the number of 

parameters in each TPM to be computed is far less. The size of the TPM is m x m only. Each 

element of the TPM is the probability for the occurrence of a particular state at time t given 

the probabilities of immediate previous l (= order of the Markov Chain) time periods. The 

effect of each lag is considered by assigning the weights. 

For an l- order Markov Chain, in general, the probabilities can be estimated as: 

P{X(tn) = Xn | X(tn-1) = Xn-1 , . . .X(tn-l) = Xn-l  }=   k

1k

ijk )(P∑
=

l

ω
………………………….(7)
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subject to 1
1

=∑
=

l

k

kω  and 0≥kω . 

ω is the weight assigned to each previous probability in order to consider the effect of lag. In 

general more weightage is to be assigned to the immediate preceding transition probability 

and less weightage to the next preceding transition probability and so on. And Pij   are the 

transition probabilities of the corresponding m x m TPM. 

The MWT probability for SOMC ( l = 2) can be written as: 

P{X(tn) = Xn | X(tn-1) = Xn-1 , X(tn-2) = Xn-2  } = k

2

1k

ij)(P∑
=

kω  = 2211 )()( −−−− + nijnnijn PP ωω  

Where  .0121 ==+ −− ωωω andnn ……………………………………………………..(8) 

As described by Kim et al (2009) as shown in the Figure 3 real high order Markov chain 

carries the combined influence of lags where as MWT model carries the independent 

influences of each lag. 
 

Xt-2  Xt-1 Xt 

  Xt-2         Xt-1 Xt Real SOMC 

MWT modeling 

 

Figure 3 Influence of lags in real Higher Order Markov Chains & MWT Model 

 

IV. MODEL DEVELOPMENT 

4.1. Notations 

N = Total Number of units in the System 

C1 = Individual Replacement Cost Per Unit  

C2 = Minor Repair Cost 

C3 = Semi-Major Repair Cost 

C4 = Major Repair Cost 

C5 = Group Replacement Cost 

X0
I 
= Proportion of units in working state initially 

X0
II 

= Proportion of units in minor repair state initially 

X0
III 

= Proportion of units in semi-major repair state initially 

X0
IV 

= Proportion of units in major repair state initially 

X0
V 

= Proportion of units in breakdown state initially 

Xi
I 
= proportion of units in working state at the end of i

th
 time period 

Xi
II 

= proportion of units in minor repair state at the end of i
th
 time period 

Xi
III 

= proportion of units in semi major repair state at the end of i
th
 time period, 

Xi
IV 

= proportion of units in major repair state at the end of i
th
 time period,  

Xi
V 

= proportion of units in breakdown state at the end of i
th
 time period 

Pij = Probability of units switching from i
th
 state to j

th
 state in a period 

TPM = Transition Probability Matrix 

φt = Rate of Inflation during time ‘t’ 

rn = Nominal Rate of Interest 

rt = Real Rate of Interest = , from Fisherman’s Relation…………………………(9) 

Present Value Factor (PVF) = ………………………………………………………(10) 

Pij = Probability of units switching from i
th
 state to j

th
 state in a period 

W(t) =  Weighted average cost per period in group replacement policy, 

AC(t) =  average cost per period in group replacement policy 
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4.2. Problem Definition 

In this paper, a group replacement model is developed for (N) items that fail completely on usage, 

considering three intermediate states i.e. minor repair, semi-major and major repair, between working 

and breakdown states by using First Order Markov Chain (FOMC). As the FOMC consists of five 

states, the Transition Probability Matrix (TPM) can be written as: 

5554535251

4544434241
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2524232221

1514131211

PPPPP

PPPPP

PPPPP

PPPPP

PPPPP

 P  TPM

V

IV

III

II

I

VIVIIIIII

==
 

Figure 4 Transition Probability Matrix for FOMC with 5 states

 

Where I, II, III, IV and V represents Working, Minor repair, Semi-Major repair, Major repair and 

Break down States respectively. 

Sum of the transition probabilities in each row is unity i.e.  1P
5

1

  ij∑
=

=
j

  ;  i= 1 to 5 

The initial estimates of Pij can be computed as, Pij = 
i

ij

N

N
, (i, j = 1 to 5) …………............….(11) 

Where, 

Nij is the number of Air Conditioners transitioned from the state i to state j. 

Ni   is the raw data sample in state i.  

FOMC Transition probability, P
i 
= V D

i  
V

-1 
, where i = 1 to n, for ‘n’ future time periods can be 

computed using Spectral Decomposition Method [Sutawanir et al (2008)]. 

4.3. Calculation of number of items in each state 

For both FOMC and SOMC, the proportion (Xi) of units during i
th
 period in various states i.e., the 

state probabilities of items in different states can be computed as follows. 

[ Xi
I     

Xi
II      

Xi
III    

Xi
IV

  Xi
V 

] =  [ X0
I     

X0
II      

X0
III    

X0
IV

  X0
V 

] * P
i   

 , where i = 1 to n……….(12) 

iX = (Probability of items in different states during initial period) * ( )i
TPM  

In general, 
i

0i P X   X =  
…………………………………………………………………….(13)

 

The TPMs, 
i21 P,,P,P K
 
of future periods for FOMC can be calculated by spectral decomposition 

method. At the end of the first period, the state probabilities can be calculated from P X   X 01 =  

)P X   X( i

0i =Q
………………………………………………………. (14)
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Therefore, Probability of items in functional state, at the end of the first period   

 51

V

041

IV

031

III

021
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011

I

0

I

1 PXPXPXPXPXX ++++=
……………………….(15)

 

Probability of items in minor repair state, at the end of the first period 

52

V

042

IV

032

III

022

II
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I

0

II

1 PXPXPXPXPXX ++++=
…………………...…(16)

 

Probability of items in semi-major repair state, at the end of the first period
 

53
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……………….…….(17)
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Probability of items in major repair state, at the end of the first period
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………………….….(18)

 

Probability of items in irreparable state, at the end of the first period 

55
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………………….…..(19)

 

Similarly, the probabilities of items falling in different states in future time periods (i= 1 to n) are to 

be calculated by using the equation, 
n

0n P X   X = …………………………………(20) 

The TPMs (P
i
) for future ‘n’ time periods i = 1,2,…, n are calculated by using Spectral Decomposition 

method. Using these state probabilities the number of individual replacements (αi), minor repairs (βi), 

semi-major repairs (γi) and major repairs (δi) in future time periods can be calculated as shown in 

Table-3. 

Table 3 No. of various repairs at the end of each period 

Time 

period 
No. of individual replacements No. of minor repairs 

1
st
 

V

11 NXα =  
II

11 NXβ =  

2
nd

 V

11

V

22 XαNXα +=  
II

11

II

22 XβNXβ +=  

3
rd

 V

12

V

21

V

33 XαXαNXα ++=  
II

12

II

21

II

33 XβXβNXβ ++=  

4
th

 V

13

V

22

V

31

V

44 XαXαXαNXα +++=
 

II

13

II

22

II

31

II

44 XβXβXβNXβ +++=  

5
th

 V

14

V

23

V

32

V

41

V

55 XαXαXαXαNXα ++++=  
II

14

II

23

II

32

II

41

II

55 XβXβXβXβNXβ ++++=  

. 

. 

. 

S o on 

. 

. 

. 

S o on
 

. 

. 

. 

S o on 

 

Table 3 (Continued) No. of various repairs at the end of each period 

Time 

period 
No. of semi-major repairs No. of major repairs 

1
st
 

III

11 NX=γ  
IV

11 NX=δ  

2
nd

 III

11

III

22 XNX γγ +=  
IV

11

IV

22 XNX δδ +=  

3
rd

 III

12

III

21

III

33 XXNX γγγ ++=  
IV

12

IV

21

IV

33 XXNX δδδ ++=  

4
th

 III

13

III

22

III

31

III

44 XXXNX γγγγ +++=
 

IV

13

IV

22

IV

31

IV

44 XXXNX δδδδ +++=  

5
th

 III

14

III

23

III

32

III

41

III

55 XXXXNX γγγγγ ++++=  
IV

14

IV

23

IV

32

IV

41

IV

55 XXXXNX δδδδδ ++++=  

. 

.. 

S o on 

. 

. 

.S o on 

. 

. 

S o on 

4.4. Inflation Prediction 

Inflation is predicted using regression model with trigonometric function and the influence of 

Inflation on the prices of air conditioners in India from the year 1999 onwards over a period of time is 

studied, forecasted and compared with actual values for the known periods by employing various 

forecasting techniques to identify the underlying model that best fits the time series data. 

Subsequently the inflation is predicted for Air Conditioners for the future time periods by the 

developed Regression model with trigonometric function, which yielded relatively minimal errors. 

A sinusoidal trigonometric function is used in the regression model to accommodate cyclical 

fluctuations of inflation. For this the following mathematical equation is considered. 

φ = a + bt + c sin (tπ + π/4)………………………………(21) 

To find the constants a, b & c the following set of equations are used. 
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 ∑φ   =   na   +  b∑t  + c ∑sin (tπ + π/4) …………………….…………(22) 

 ∑(φt)   =  a∑t  +  b∑t
2
 + c ∑[t sin (tπ + π/4)] ……………………………(23) 

 ∑(φt
2
)  = a∑t

2
 +  b∑t

3
 + c ∑[ t2

 sin (tπ + π/4)] ………………….……….(24) 

where φ is the inflation, t is time period, n is the number of time periods and a, b & c are the 

coefficients. 

4.5. Influence of Inflation and Time Value of Money 

Conventional models are available to make the replacement decisions considering the value of money.  

Here the Net Present Worth criterion based on the nominal interest rate (rn ) does not reflect the real 

value of money. Real interest rates (rt) are computed using Fisherman’s relation. When the present 

worth factors are computed and multiplied with future money, it gives purchasing power of money.  

Present worth factor= pwf= ν =  
tr+1

1
 ………………………………………………………(25) 

Real rate of interest = rt = n t

t

r φ

1 + φ

−
, from Fisherman’s relation…………………………….…(26) 

To get more realistic results, the forecasted values of Inflation to get the real interest rates, using 

Fisherman’s relation, are used. The Inflation values based on WPI for air conditioners are predicted 

by using a regression forecasting model using a sinusoidal trigonometric function. 

4.6. Computation of Total Cost 

Total cost (TC) for n time periods, without the influence of Inflation: 

TC = Group replacement cost + Individual replacement cost + Minor repair cost + Semi – Major 

repair cost + Major repair cost 

∑∑∑∑
====

++++=
n

1i

i4

n

1i

i3

n

1i

i2

n

1i

i15 CCβCαCNC  TC δγ ………………………………(27)

 

Average cost per period = 
periods ofnumber 

periods n''for cost  Total
 

Weighted average cost, W(t) = 
n

TC  

Total cost (TC) for n time periods, with the influence of inflation. 
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n n n n 5TC(n) = C (α ν ) C (β ν ) C ( ν ) C ( ν ) NC ν
1 2 3 4

γ δ− − − − −+ + + +∑ ∑ ∑ ∑
……………(28)

 

Weighted average cost, W(t) =  
  1-n∑ ν

TC  …………………………………………….(29) 

Policy: ‘n’ is optimal when the weighted average cost per period is minimum i.e. average cost per 

period should be minimum in n
th
 period, to block replace in n

th
 period. 

V. CASE STUDY 

In the present paper, a study on a block of 100 air conditioners in a software development centre have 

been considered and the cost data for various types of repairs based on the information given by the 

air conditioners service engineers is assumed as given below. 

N = Total number of Air Conditioners in the system = 100 

C1 = Individual replacement cost per unit   = Rs.23000 

C2 = Minor repair cost     = Rs.4500 

C3 = Semi-major repair cost    = Rs.8000 
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C4 = Major repair cost     = Rs.15500 

C5 = Group replacement cost    = Rs.21000 

rn    = Nominal rate of Interest    = 20% 
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0000.10000.00000.00000.00000.0
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0000.00000.03333.03333.03333.0

0000.01111.01111.01111.06667.0

0118.01059.00471.01765.00.6588

  TPMP1  

Regression model with trigonometric function for predicting inflation for a time period t is 
F= -4.50352+0.30617T+7.55993 Sin (Tπ + π/4)……………………………(30) 

The average cost per year using First Order Markov Chain (FOMC) and Second Order Markov Chain 

(SOMC) are shown in the Table-4. 

Table 4: Comparison of Average Cost in lakhs per year for both FOMC & SOMC 

 

* Minimum Cost giving Optimum period for group replacement 

When the influence of inflation is not considered, First Order Markov Chain (FOMC) model resulted 

in the replacement age as 7 years. 

When the influence of predicted inflation and Net Worth of the money is considered, both First Order 

Markov Chain (FOMC) and Second Order Markov Chain (SOMC) has resulted in the early 

replacement of block of Air Conditioners at the age of 4 years. Therefore for the block of air 

conditioners considered for study in this work, the optimal replacement time is at the end of 4
th
 year. 

VI. CONCLUSIONS 

A discrete time Markov Chain based mathematical model for the replacement of block of 

items has been developed and a case study is made with a reference to a block of air 

conditioners. Five discrete states viz. working condition, minor repair, semi-major repair, 

major repair and breakdown state of an air conditioning system are considered and the results 

are computed using First Order Markov Chain (FOMC) and Second Order Markov Chain 

(SOMC) with and without the influence of Inflation. FOMC has resulted in optimal 

replacement age of 7 years without considering inflation and money value, where as 

considering inflation and time value of money it was 4 years for both First Order and Second 

Order Markov Chains. Since, FOMC and SOMC resulted in the same replacement period of 4 

years, therefore for the block of air conditioners considered in the study, the optimal 

replacement period is four years. As the influence of macroeconomic variables viz. inflation 

and time value of money on replacement model are considered, the model is more realistic. 

 

Time period(n) FOMC  SOMC 

 Without inflation with inflation with inflation 

1 24.30 24.30 24.30 

2 14.05 12.50 12.50 

3 10.83 9.77 9.71 

4 9.37 7.01* 6.91* 

5 8.63 7.31 7.15 

6 8.26   

7 8.12*   

8 8.13   
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VII. SCOPE OF FUTURE WORK 

In this paper, only three intermediate states (minor, semi-major and major repair) between 

working and break down states are considered i.e. only five general states of items are 

considered. Practically, there may be varieties of failures and for each failure different repair 

costs can be attached. It is difficult to consider a particular failure as minor or semi-major or 

major repair. Therefore, few more states may be proposed so that a type of failure will be 

very close to a particular state. Also, in this paper, nominal interest rate is assumed to be 

constant. Usually nominal interest rates will be revised based on the changes in macro 

economic variables in the free market economic conditions. Therefore variable rate of 

nominal interest is proposed as one of the inputs for further study of replacement decision. 
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ABSTRACT 

This paper presents a 2-D FFT removal algorithm for reducing the speckle noise in ultrasound images. We 

apply the 2-D FFT on the ultrasound images to extract and remove the peaks which are corresponding to 

speckle noise in the frequency domain. The performance of the proposed method is tested on ultrasound images. 

The results of proposed method significantly improved for the noise removal. 

KEYWORDS: speckle Noise Removal; 2-D FFT; ultrasound Images 

I. INTRODUCTION 

A. Motivation 

Digital images play an important role in daily life application such as television, ultrasound imaging, 

magnetic resonance imaging, computer tomography as Well as in areas of research and technology. 

Image acquisition is the process of obtaining a digitized image from a real world source. Each step in 

the acquisition process may introduce random changes into the values of pixels in the image. These 

changes are called noise. Let F’(x, y) be the noisy digitized version of the ideal image, F(x,y) and 

n(x,y) be a noise function which returns random values coming from an arbitrary distribution. Then 

additive noise can be described by Eq. (1) 

F(x,y)= F’(x,y)+ n(x,y)    (1) 

Speckle is not a noise in an image but noise-like variation in contrast. It arises from random variations 

in the strength of the backscattered waves from objects and is seen mostly in RADAR and US 

imaging. Speckle noise is defined as multiplicative noise, having a granular pattern it is the inherent 

property of ultrasound image and SAR image. Due to incorrect assumption that the ultrasound pulse 

always travel in a straight line, to and fro from the reflecting interference. Another source of 

reverberations is that a small portion of the returning sound pulse may be reflected back into the 

tissues by the transducer surface itself, and generate a new echo at twice the depth. Speckle is the 

result of the diffuse scattering, which occurs when an ultrasound pulse randomly interferes with the 

small particles or objects on a scale comparable to the sound wavelength. The backscattered echoes 

from unresolvable random tissue inhomogenities in ultrasound imaging and from objects in Radar 

imaging undergo constructive and destructive interferences resulting in mottled b-scan image. 2-D 

Fourier transform (FT) artifact suppression algorithm to be proposed that applies the 2-D FFT in the 

Ultrasound image to extract and remove the peaks which are corresponding to the artifacts in the 

frequency domain. The 2-D FFT can provide the information in one more dimension compared with 

the 1-D FFT from which we can be better to differentiate the real artifacts and some useful 

information. 

C. Main Contribution 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

80 Vol. 4, Issue 2, pp. 79-83  

 

The 2-D FFT removal algorithm for reducing the speckle noise in ultrasound images is proposed in 

this paper. For the speckle pattern of the artifacts, we apply the 2-D FFT on the ultrasound images to 

extract and remove the peaks which are corresponding to speckle noise in the frequency domain. 

Performance of each filter is compared using parameter PSNR (Peak Signal to Noise Ratio).  

The organization of the paper as follows: Section I, a brief review of image denoising and related 

work is given. Section II, presents a concise review of image artifact noise reduction. Presents the 

noise removal algorithm and proposed system framework. Section III, Experimental results and 

discussions are given. Based on above work conclusions are derived in Section IV. 

II. IMAGING ARTIFACT NOISE REDUCTION 

A. Image Restoration in Frequency Domains 

According to the principle of Fourier transform, a spatial image size in M*N will be stored as a 2-D 

array, with the size of M*2N where each column has 2N numbers of real and imaginary parts 

alternating. 

Algorithms 1: Peak detection in the frequency domain. 

1. Define a detection route such that the detected peaks are stored in an ascending order in terms of 

the distance to the origin (where the origin is the centre of the spectrum domain). Note that if 

only processes in the right half space of the centre because of the symmetry of the peaks 

(impulses) in  the spectrum domain. 

2. Define a local window of the size X*Y (where  X and Y are odd) and find the maximum from 

the window pixels. 

3. If the current pixel is just the same as the local maximum and also it is above a given threshold, 

it will be a new detected peak. 

To remove the speckle pattern of an image, we can first take the 2-D FFT to the image and detect the 

positions of the impulses in spectrum, see Algorithm 1. The image is then restored by using a band-

reject filter with a proper dimension around the impulses. The restoration algorithm for a single 

impulse is as follows: 

Algorithms 2: Image restoration from frequency domain to spatial domain. 

1. Define the position of the impulse as P (∆x, ∆y) where ∆x and ∆y are the relative positions to the 

origin in the spectrum domain. 

2. In the real/imaginary frequency domain, define the following four areas according to the sign of 

∆y (set a positive ∆x due to the symmetric of the impulses): 

a) D1: centre at (∆x, 2∆y ) with the dimension of 2δx×4δy only if ∆y > 0. 

b) D2: centre at (Xdim- ∆x, 2Ydim- 2∆y) with the dimension of 2δx×4δy only if ∆y > 0 . (The 

image will be stored as a 2-D array, with the size of dim dim Xdim ×2Υdim after Fourier 

Transform) 

c) E1: center at (∆x, 2Ydim+2∆y) with the dimension of 2δx×4δy only if ∆y < 0 .  

d) E2: center at (Xdim-∆x, -2∆y) with the dimension of 2δx×4δy only if ∆y < 0  3. Set all the real 

and imaginary values to be zero in areas D1 and D2 if ∆y > 0, or in areas E1 and E2 if ∆y < 0. 

Take the inverse 2-D FFT and back to the spatial domain. 

Algorithm3: proposed method 

1) Take a 2-D FFT to the processing image 

2) Use Algorithm 1 for local peaks detection in the frequency domain 

3) Remove the selected impulses by using Algorithm 2, and then take the inverse 2-D FFT back to 

the spatial domain. 

4) Normalize the updated pixels to obtain the same mean as the old. 

B. Evaluation Measure 

Removal of noises from the images is a critical issue in the field of digital image processing. The 

phrase Peak Signal to Noise Ratio, often abbreviated PSNR, is an engineering term for the ratio 
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between the maximum possible power of a signal and the power of corrupted noise that affects the 

fidelity of its representation. As many signals have wide dynamic. The MSE and PSNR is defined as: 

255
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III. EXPERIMENTAL RESULTS AND DISCUSSIONS 

The results of the proposed method are tested on ultrasound images. The collected testing images are 

corrupted by speckle noise and then these are used for speckle noise removal. 

Fig. 1 to Fig. 5 illustrates the performance of the proposed method on five test ultrasound images. 

TABLE I: Comparison of PSNR values for noise and denoised images 

Fig. 

no. 

PSNR value of 

Original (noise) 

image 

PSNR value of 

processed (Denoised) 

image 

1 0.0673 18.2955 

2 0.0667 18.2248 

3 0.0676 18.3357 

4 0.0679 18.4077 

5 0.0659 18.0841 

                      Original image                                Noisy image                                  Denoise image 

                         

(a)                                                  (b)                                                     (c) 

Fig. 1: (a) original image, (b)  image corrupted with speckle noise,(PSNR=0.0673) (c) filtered image by 

proposed method (PSNR=18.2955) 

                        Original image                     Noisy image                                 Denoise image 

                               

                                    (a)                                                       (b)                                                     (c) 

Fig. 2: (a) original image, (b) image corrupted with speckle noise,(PSNR=0.0667) (c) filtered image by 

proposed method (PSNR=18.2248) 

Denoise Image
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       Original image                                   Noisy image                                Denoise image 

             

                             (a)                                                       (b)                                                   (c) 

Fig. 3: (a) original image, (b)  image corrupted with speckle noise,(PSNR=0.0676) (c)   filtered image by 

proposed method (PSNR=18.3357) 

         Original image                                   Noisy image                                  Denoise image 

            

                          (a)                                                       (b)                                                      (c) 

Fig. 4: (a) original image, (b) image corrupted with speckle noise,(PSNR=0.0679) (c)   filtered image by 

proposed method (PSNR=18.4077) 

         Original image                         Noisy image                               Denoise image 

 

                                    (a)                                                       (b)                                                       (c) 

Fig. 5: (a) original image, (b) image corrupted with speckle noise,(PSNR=0.0659) (c)   filtered image by 

proposed method (PSNR=18.0841 

IV. CONCLUSIONS 

The 2-D FFT removal algorithm for reducing the speckle noise in ultrasound images is proposed in 

this paper. For the speckle pattern of the artifacts, we apply the 2-D FFT on the ultrasound images to 

extract and remove the peaks which are corresponding to speckle noise in the frequency domain. The 

performance of each filter is compared using parameter PSNR (Peak Signal to Noise Ratio). The 

Original Image

Original Image Denoise 

Original Image Noise Image Denoise 
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performance of the proposed method is tested on ultrasound images. The results of proposed method 

found that the proposed method significantly improved for the noise removal. 
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ABSTRACT 

It is well known that the Transmission Control Protocol (TCP) congestion control has formed the backbone of 

the Internet stability and has well tuned over years. Today the situation has changed, that is because the 

internetworking environment become more complex than ever, resulting in changes in TCP congestion control 

are produced and still in progress without altering the fundamental underlying dynamics of TCP congestion 

control. This paper is an attempt to covers and compares the various aspects of congestion control algorithms 

which have been published and considered. It includes TCP congestion control motivation, architecture, 

algorithms, and performance. 

 

KEYWORDS: TCP congestion control, Slow Start algorithm, Modified Swift Start, performance comparisons 

of different TCP congestion control. 

I. INTRODUCTION 

Since more than three decades Cerf and Kahn initiated the first work of Transmission Control 

Protocol (TCP) [1], the Internet Engineering defined the TCP standard in the Request of Comment 

(RFC) standards document number 793 (RFC 793) [2]. Then, the original specifications written in 

1981 was based on earlier research and experimentation in the original Advanced Research Project 

Agency Network (ARPANET). In 1986 V. Jacobson observed what is called by congestion collapse, 

and well known slow-start and congestion avoidance algorithms proposed in 1988 [3], however, the 

design of TCP was heavily influenced by what has come to be known as the end-to-end argument 

[4,5]. So, the networking community has proposed hug enhancement and optimization to the original 

proposition in order to make TCP more efficient in large variety  of network conditions and 

technologies [6,7]; wireless links, asymmetric links, and very high speed and long delay links [8-10]. 

Despite the fact that TCP is a stable and mature protocol, and has been well tuned over years, small 

changes in its congestion control are still in progress to avoid unnecessary retransmit timeouts, to 

reverse the responses to reordered packets, to allow viable mechanisms for corruption notification, 

..etc., without altering the fundamental underlying dynamics of TCP congestion Control [11]. 

However, the current TCP congestion control algorithm has proved remarkably durable, it is likely to 

be less effective on next generation networks featuring gigabit speed connectivity and heterogeneous 

traffic and sources. These consideration have led to widespread acceptance that new congestion 

control algorithms must be developed to accompany the realization of next generation systems and 

perhaps also to better exploit the resources of existing networks [12]. During the last two decades, 

several congestion control algorithms have been proposed to achieve network stability, fair bandwidth 

allocation and high resource utilization. However, several more aggressive versions of the TCP have 

been proposed which leave the Additive Increase Multiplicative Decrease (AIMD) paradigm to 

achieve network stability, fair bandwidth allocation and high resource utilization, so there are many 

up to date and old research papers have been published [13-53], and same or more are still in 

progress, all of them investigate and discuss the congestion control mechanisms in the Internet which 
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consists of the congestion window algorithms of TCP, running at the end-systems, and Active Queue 

Management (AQM) algorithm at routers, seeking to obtain high network utilization, small amounts 

of queuing delay, and some degree of fairness among users. We have to mention here that the 

motivation is to adapt TCP to networks with very large bandwidth delay products. 

The organization of manuscript is as follow, in section 2, the background and motivation would be 

presented. Section 3 comparison between congestion control simulation results and describes their 

main features and limitations. The conclusion is given in section 4. 

II. BACKGROUND AND MOTIVATION  

It is well known that network congestion control occurs when too many sources attempt to send data 

at too high rates. At the sender end, this is detected by packet loss. Due to congestion, the network 

experiences large queue delays and consequently the sender must retransmissions in order to 

compensate for the lost packets. Hence the average transmission capacity of the upstream routers is 

reduced. A TCP connection controls its transmission rate by limiting its number of unacknowledged 

segments; the TCP window size W. TCP congestion control is based on dynamic window adjustment. 

The TCP connection is begins in slow start phase the congestion window is doubled every RTT until 

the window size reaches slow-start threshold. After this threshold, the window is increased at a much 

slower rate of about one packet each  RTT. The window cannot exceed a maximum threshold size that 

is advertised by the receiver. If there is a packet loss then the threshold drops to half of the present 

value and the window size drops to the one Maximum Segment Size (MSS). A congestion avoidance 

mechanism maintains the network at an operating point of low delay and high throughput.  

However, there are four basic congestion algorithms that should be included in any modern 

implementation of TCP, these algorithms are: Slow Start, Congestion Avoidance, Fast Retransmit, 

and Fast Recovery [54]. The last two algorithms were developed to overcome the short comings of 

earlier implementations, like TCP Tahoe [55], where TCP Tahoe was getting into the slow start phase 

every time a packet was lost and thus valuable bandwidth was wasted and the slow start algorithm is 

used to gradually increase the size of the TCP congestion window. It operates by observing that the 

rate at which new packets should be injected into the network is the rate at which the 

acknowledgments are returned by the other end. 

Indeed, a modern TCP implementation that includes the above four algorithms is known as TCP Reno 

which is the dominant TCP version. J.C. Hoe [56] modified the Reno version of TCP to improve the 

start up behavior of TCP congestion control scheme. These improvements include finding the 

appropriate initial threshold window (ssthresh) value to minimize the number of packets lost during 

the start up period and creating a more aggressive fast retransmit algorithm to recover from multiple 

packet losses without waiting unnecessarily for the retransmission timer to expire. We have to 

mention here that the TCP Reno is like TCP Tahoe except that if the source receives three "duplicate" 

ACKs, it consider this indicative of transient buffer overflow rather than congestion, and does the 

following: (1) it immediately (i.e., without waiting for timeout) resends the data requested in the 

ACK; this is called fast retransmit. (2) it sets the congestion windows and slow start threshold to half 

the previous congestion window (i.e., avoids the slow start phase) this is called fast recovery. The two 

variable congestion window (CWND) and slow start threshold (ssthresh), are used to throttle the TCP 

input rates in order to much the network available bandwidth. All these congestion control algorithms 

exploit the Additive Increase Multiplication Decrease (AIMD) paradigm, which additively increases 

the CWND to grab the available bandwidth and suddenly decreases the CWND when the network 

capacity is hit and congestion is experienced via segment losses, i.e., timeout or duplicate 

acknowledgments. AIMD algorithms ensure network stability but they don't guarantee fair sheering of 

network resources [57-59]. The next section will highlight the comparison of different versions of 

TCP. 

2.1. A Transmission Control Protocol and Congestion Control 

TCP congestion control was introduced into the Internet in the late 1980's by Van Jacobson, 

roughly eight years after the TCP/IP protocol stack had become operational. Immediately preceding 

this time, the Internet was suffering from congestion collapse hosts would send their packets into the 

Internet as fast as the advertised window would allow, congestion would occur at some router causing 
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packets to be dropped, and the hosts would timeout and retransmit their packets, resulting in even 

more congestion. Broadly speaking, the idea of TCP congestion control is for each source to 

determine how much capacity is available in the network, so it knows how many packets it can safely 

have in transit. Once a given source has this many packets in transit, it uses the arrival of an 

acknowledgment (ACK) as a signal that one of its packets has left the network, and it is therefore safe 

to insert a new packet into the network without adding to the level of congestion. By using ACKs to 

pace the transmission of packets, TCP is said to be self clocking. Of course, determining the available 

capacity in the first place is no easy task. To make matters worse, because other connections come 

and go, the available bandwidth changes over time, meaning that any given source must be able to 

adjust the number of packets it has in transit. The rest of this section describes the algorithms used by 

TCP to address these, and other, problems. 

2.2. B Additive Increase/Multiplicative Decrease (AIMD) 

AIMD, Additive Increase, Multiplicative Decrease. Congestion control algorithm. (RFC 2914) In the 

absence of congestion, the TCP sender increases its congestion window by at most one packet per 

Round Trip Rime (RTT). In response to a congestion indication, the TCP sender decreases its 

congestion window by half. More precisely, the new congestion window is half of the minimum of 

the congestion window and the receiver's advertised window. A congestion control strategy that only 

decreases the window size is obviously too conservative. We also need to be able to increase the 

congestion window to take advantage of newly available capacity in the network. This is the 

``additive increase'' part of the mechanism, and it works as follows. Every time the source 

successfully sends a CongestionWindow's worth of packets that is, each packet sent out during the last 

RTT has been ACK'ed it adds the equivalent of one packet to CongestionWindow. This linear 

increase is illustrated in Figure 1.  

 
 

Figure1 Packets in Transit during Additive Increase: Add one Packet each RTT. 

Note that in practice, TCP does not wait for an entire window's worth of ACKs to add one packet's 

worth to the congestion window, but instead increments CongestionWindow by a little for each ACK 

that arrives. Specifically, the congestion window is incremented as follows each time an ACK arrives:  

 

Increment = (MSS MSS)/CongestionWindow 

CongestionWindow += Increment 

 

That is, rather than incrementing CongestionWindow by an entire MSS each RTT, we increment it by 

a fraction of Maximum Segment Size (MSS) every time an ACK is received. Assuming each ACK 

acknowledges the receipt of MSS bytes, then that fraction is MSS/CongestionWindow.  

Source Destination 
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This pattern of continually increasing and decreasing the congestion window continues throughout the 

lifetime of the connection. In fact, if you plot the current value of CongestionWindow as a function of 

time, you get a ``sawtooth'' pattern, as illustrated in Figure 2. The important thing to understand about 

additive increase/multiplicative decrease is that the source is willing to reduce its congestion window 

at a much faster rate than it is willing to increase its congestion window. This is in contrast to an 

additive increase/additive decrease strategy in which the window in incremented by 1 packet when an 

ACK arrives and decreased by 1 when a timeout occurs. It is has been shown that additive increase / 

multiplicative decrease is a necessary condition for a congestion control mechanism to be stable.  

 
Figure 2 Typical TCP sawtooth pattern. 

2.3. C Slow Start Algorithm  

Simply slow start operates by observing that the rate at which new packets should be injected into the 

network is the rate at which the acknowledgments are returned by the other end. To control this, slow 

start uses the congestion window "CWND". When a new connection is established with another host, 

the congestion window is initialized to one segment (i.e., the segment size announced by the other 

end, or the default, typically 536 or 512).  Each time an ACK is received, the congestion window is 

increased by one segment as shown in Figure 1. The sender can transmit up to the minimum of the 

congestion window “CWND” and the advertised window “RWND”. The former is based on the 

sender's assessment of perceived network congestion; the latter is related to the amount of available 

buffer space at the receiver for this connection. The sender starts by transmitting one segment and 

waiting for its ACK.  When that ACK is received, the congestion window is incremented from one to 

two, and two segments can be sent.  When each of those two segments is acknowledged, the 

congestion window is increased to four.  This provides an exponential growth, although it is not 

exactly exponential because the receiver may delay its ACKs, typically sending one ACK for every 

two segments that it receives. At some point the capacity of the Internet can be reached, and an 

intermediate router will start discarding packets.  This tells the sender that its congestion window has 

gotten too large.  

 

 

 

 

 

 

 

   Figure 3 Packets in Transit During Slow Start. 
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2.4. D Congestion Avoidance 

The assumption of the algorithm is that packet loss caused by noise is very small (much less than 

1%); therefore the loss of a packet signals congestion somewhere in the network between the source 

and destination.  There are two indications of packet loss:  a timeout   occurring and the receipt of 

duplicate ACK as mentioned above. Congestion avoidance and slow start are independent algorithms 

with different objectives.  But when congestion occurs TCP must slow down its transmission rate of 

packets into the network, and then invoke slow start to get things going again.  In practice they are 

implemented together. Congestion avoidance and slow start require that two variables be maintained 

for each connection: a congestion window, “CWND”, and a slow start threshold size, “ssthresh”.  The 

combined algorithm operates as follows: 

1. Initialization for a given connection sets CWND to one segment and ssthresh to 65535 bytes. 

2. The TCP output routine never sends more than the minimum of CWND and the receiver's 

advertised window RWND. 

3. When congestion occurs (indicated by a timeout or the reception of duplicate ACKs), one-half of 

the current window size (the minimum of CWND and RWND, but at least two segments) is saved in 

ssthresh. Additionally, if the congestion is indicated by a timeout, CWND is set to one segment  (i.e., 

slow start  )  

4. When the other end acknowledges new data, increase CWND, but the way it increases depends on 

whether TCP is performing slow start or congestion avoidance. If CWND is less than or equal to 

ssthresh, TCP is in slow start; otherwise TCP is performing congestion avoidance.  

Figure 4 shows the congestion window for slow start and congestion avoidance. Slow start has 

CWND begin at one segment, and be incremented by one segment every time an ACK is received.  

As mentioned earlier, this opens the window exponentially:  send one segment, then two, then four, 

and so on.  When a timeout occurs, the congestion avoidance starts. The congestion avoidance 

increases the CWND be according to equation (1) as specified in [60].   

CWND += SMSS * SMSS/CWND     (1) 

Each time an ACK is received, Where SMSS is the Sender Maximum Segment Size and CWND is 

maintained in bytes. This is a linear growth of CWND, compared to slow start's exponential growth.  

The increase in CWND should be at most one segment each round-trip time RTT (regardless how 

many ACKs are received in that RTT), whereas slow start increments CWND by the number of ACKs 

received in a round-trip time. 
 

Tim e outs 

 

Figure 4 The Congestion Window versus Time for Slow Start and Congestion Avoidance. 

 

2.5.E Fast Retransmit (TCP Tahoe) 
Modifications to the congestion avoidance algorithm were proposed in 1990 [60], before describing 

the change, realize that TCP may generate an immediate acknowledgment (a duplicate ACK) when an 

out-of-order segment is received. This duplicate ACK should not be delayed. 
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Figure 5 Fast Retransmission 

 The purpose of this duplicate ACK is to let the other end know that a segment was received out of 

order, and to tell it what sequence number is expected. Since TCP does not know whether a duplicate 

ACK is caused by a lost segment or just a reordering of segments, it waits for a small number of 

duplicate ACKs to be received. It is assumed that if there is just a reordering of the segments, there 

will be only one or two duplicate ACKs before the reordered segment is processed, which will then 

generate a new ACK. If three or more duplicate ACKs are received in a row, it is a strong indication 

that a segment has been lost. TCP then performs a retransmission of what appears to be the missing 

segment, without waiting for a retransmission timer to expire, this is shown in Figure 5. 

Figure 6 shows the congestion window versus time for TCP Tahoe, it’s the same as Figure 4 because 

Tahoe modification only changes how to detect time out, but the TCP behavior responding to that 

time out does not changed.    
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Figure 6 Congestion Window versus Time for TCP Tahoe 

2.6.F Fast Recovery (TCP Reno) 

After fast retransmit sends what appears to be the missing segment, congestion avoidance, but not 

slow start is performed.  This is the fast recovery algorithm whose behavior is shown in Figure 7 [61].  
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Figure 7 Congestion Window versus Time for TCP Reno 

It is an improvement that allows high throughput under moderate congestion, especially for large 

windows .The reason for not performing slow start in this case is that the receipt of the duplicate 

ACKs tells TCP more than just a packet has been lost.  Since the receiver can only generate the 

duplicate ACK when another segment is received, that segment has left the network and is in the 

receiver's buffer.  That is, there is still data flowing between the two ends, and TCP does not want to 

reduce the flow abruptly by going into slow start. 

The fast retransmit and fast recovery algorithms are usually implemented together as follows [60]. 

1-When the third duplicate ACK in a row is received, set ssthresh to one-half the current congestion 

window, CWND, but no less than two segments.  Retransmit the missing segment.  Set CWND to 

ssthresh plus 3 times the segment size 

CWND= ssthresh + 3 * SMSS              (2) 
This inflates the congestion window by the number of segments that have left the network and which 

the other end has cached. 

2-Each time another duplicate ACK arrives, increment CWND by the segment size.  This inflates the 

congestion window for the additional segment that has left the network.  Transmit a packet, if allowed 

by the new value of CWND. 

3-When the next ACK arrives that acknowledges new data, set CWND to ssthresh (the value set in 

step 1). This ACK should be the acknowledgment of the retransmission from step 1, one round-trip 

time after the retransmission. Additionally, this ACK should acknowledge all the intermediate 

segments sent between the lost packet and the receipt of the first duplicate ACK.  This step is 

congestion avoidance, since TCP is down to one-half the rate it was at when the packet was lost. 

Figure 8 shows the sent segment sequence number for slow start TCP, TCP Tahoe and TCP Reno. It 

is clear that TCP Reno is faster than TCP Tahoe and TCP Tahoe is faster than slow start only.  

  
Figure 8 Sent Segment Sequence number for Slow Start TCP, TCP Tahoe and TCP Reno 
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2.9.G Swift Start TCP [62] 

In a trial to solve the startup problems in slow start, BBN Technologies designed an algorithm called 

Swift Start [62, 63] (which will be discussed later), which is a combination of packet-pair [64] and 

packet-pacing [65] technique. Packet pair is used to estimate the path bottle neck bandwidth based on 

the spacing between two initial acknowledgments (ACKs) from data that have been sent in immediate 

succession. The algorithm provides an estimation of the current network bandwidth, thus allowing a 

TCP connection to obtain the network capacity much faster than slow start. Packet pacing is a 

technique that uses an estimated RTT to spread out packets across an RTT, avoiding bursts of packets 

that are released to the network, and to establish an initial self-clocking process. An extensive studies 

have been done to the Original Swift Start (OSS) algorithm, and improve its drawbacks [66].  

III. SIMULATION RESULTS COMPARISON 

The simulation results of OSS (Original Swift Start) algorithm shows that it has a lot of drawbacks, 

which make it inefficient, so we've proposed a modification to that algorithm to overcome these 

drawbacks, and then we have compared between the performances of the Original Swift Start, 

Modified Swift Start (MSS) and that of the Slow Start in different network cases studies as shown in 

Figure 9.  

Figure 10 shows the amount of data sent versus the number of RTTs. It is clear that the modified swift 

start throughput is better than that of slow start also in both cases, because the modified swift start 

estimates the congestion window faster. 

 

 

Figure 9 Congestion Window versus Number of Roundtrip Times for (RTT=0.1 Sec, C=1544000 Bps). 

 

 

Figure 10 Throughput versus Number of RTT for (RTT=0.1 Sec, C=1544000 Bps) 
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Figure 11 shows the amount of data sent versus the number of RTTs. It is clear that the modified swift 

start throughput is better than that of slow start also in both cases, because the modified swift start 

estimates the congestion window faster.  

 

 
Figure 11 Throughput versus Number of RTT for (RTT=0.1 Sec, C=1544000 Bps) 

 
Figure 12 shows that as RTT/τ increase, the number of RTTs which are needed to reach ssthresh 

decreases for the modified swift start in both cases of using DACK and without using DACK, while it 

is constant for the slow start. For the original swift start the number of RTTs which are needed to 

reach ssthresh depends on wither DACK is used or not. 

 The modified swift start is suitable for high delay-bandwidth product networks because as the 

bandwidth increases τ decreases, and for long networks RTT is very large. However for high delay 

bandwidth product networks RTT/ τ is very large and TCP needs few RTTs. If RTT/ τ > 45, then TCP 

will reach ssthresh after the first RTT. 

 

 
Figure 12 Number of RTTs which is needed to reach ssthresh Versus RTT/τ. 

 
Table 1 shows both the congestion window and the throughput until the n

th
 RTT for different values 

of RTT/τ and n=2, 4 and 6 RTT. Note that Table 1 does not consider the effect of the ACK path on 

the OSS in other words it considers δ = 0.  

Table 1 shows that  

• For small value of RTT/τ the CWND and B for slow start is better than that of MSS, which 

means that for low delay bandwidth product the MSS is inefficient. 
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•  As RTT/τ increases the CWND and throughput of the MSS getting better than that of slow 

start and OSS for certain value of n. which mans that as the delay bandwidth product increases the 

MSS gets more inefficient. 

IV. CONCLUSION  

The simulation results which have been produced indicate that the modified swift start has succeeded 

in estimating the path capacity and the congestion window quickly. At the same time it has overcome 

the errors that can affect that estimate. The modified swift uses the modified packet pair algorithm to 

quickly estimate the congestion window which results in faster connections start up and faster 

utilization of the bandwidth especially for high delay-bandwidth product network paths, and it uses 

the packet pacing in the first and the second RTTs to clock the packet transmission over each RTT in 

stead of sending the window in burst. This pacing avoids overwhelming the intermediate routers. 

The modification which introduced in this research was succeed to avoid the error sources in the 

original swift start algorithm such as using DACK algorithm and the effect of ACK path on the 

original swift start. The modification avoids these errors and makes the modified swift start applicable 

in real networks. The drawback of that modification is that it adds 8 bytes of redundant traffic for each 

connection. This redundant traffic may cause overflow on networking devices buffers. However, the 

modified swift start algorithm combines three algorithms to enhance the connection start up, it uses 

packet pair to quickly estimate the available bandwidth and calculate the congestion window, then 

uses pacing to avoid overflowing the networking nodes that may occur  if this window sent in burst, 

and then uses slow start to try using the available buffers capacity on the networking nodes. The 

algorithm avoids the drawbacks of each algorithm by using all of them each in suitable time. 
 

Table 3-1 The Congestion Window (CWND) and Throughput (B) at the n
th

 RTT for Different Values of RTT/τ 
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ABSTRACT  

This article addresses the design and optimization of electrically small antenna suitable for MIMO (multiple 

input multiple output) applications. The proposed antenna was designed and optimized using HFSS software. 

Simulation results presented in this paper show that the optimized antenna operates in the 0.8GHz to 2.6GHz 

band with good radiation characteristics. The antenna has an operating frequency of 1.7GHz with impedance 

bandwidth of 105%, and the total size of 20x40 mm
2
.  

KEYWORDS: MIMO, Microstrip Antennas, Long Term Evolution (LTE), and Wideband Antennas 

I. INTRODUCTION 

The integration of more than one antenna (multiple input multiple output (MIMO) system) in each 

mobile terminal is a challenging task. Electrically small antennas are the right candidates for these 

applications. There are several works on electrically small antennas [1-12] and MIMO antennas [4-8] 

available in the literature. Meander line antennas are typical electrically small antennas which are 

being preferred in MIMO systems. For example in [4], a meander line antenna (MLA) that has a 

resonant frequency of 1 GHz was presented. The equations presented there will give a prohibitively 

large antenna if used for the 800 MHz band. While in [5] a spiral-like printed antenna that was 

electrically small was proposed to operate in the 700 MHz range with a size of 40x40 mm
2
. The 

antenna had an extremely narrow bandwidth that will not be suitable for the application at hand that 

requires at least 40 MHz of bandwidth to cover the downlink and uplink in LTE channels. A multi-

band printed bow-tie antenna was proposed in [6] to cover the 800 MHz and 1.9 GHz bands. The size 

of such an antenna will occupy the whole mobile terminal size since it covers a board area of 130x77 

mm
2
. While in [7] a dual band ESA was proposed that covered 800MHz and 2GHz bands with a size 

of 25x43 mm
2
. The antenna suffers from narrow bandwidth in both bands. Thus, previous work shows 

that the proposed antennas will not be suitable for LTE mobile terminals due to their large size or 

narrow operating bandwidth.  

In this paper we propose an electrically small antenna with center frequency around 1.7GHz, has very 

high bandwidth (105%) in comparison with bandwidth reported in [8] which has 59.9%. Although, 

the proposed antenna in this paper works on the similar principle of work reported in [8], has much 

simpler geometry, less number of optimization parameters and has better performance (nearly twice 

the impedance bandwidth reported in [8]). Section 2 presents the basic geometry [8]. Geometry of the 

proposed antenna is presented in section 3. Simulation results of the proposed antenna are presented 

in Section 4 followed by conclusions in Section 5. 

II. BASIC GEOMETRY 

A meander line antenna shrinks the electrical length of a regular monopole or dipole antenna by 

folding its length back and forth to create a structure with multiple turns. This method has advantages 
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when antennas with low frequency of operation are of interest as it will reduce the size of the antenna 

significantly. The geometry of meander antenna structure is shown in Figure 1 [8]. The dimensions of 

the antenna as reported in [8] are L=43mm, W=23.5mm, Lg=16.2mm, W1=15.5mm, W2=16.5mm, 

W3=W4=W5=1mm, L1=12.27mm, and L1=5.93mm and the antenna was simulated as suggested 

there. These characteristics are depicted in Figure 2 and radiation patterns in two planes are presented 

in     Figure 3. 

 

Figure 1: Basic geometry of MLA [8]. 

 

 

Figure 2: Simulated return loss of MLA shown in Figure 1. 
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Figure 3:

III. MODIFIED  GEOMETRY

Figures 4 (a) and (b) show the geometry of modified antenna

modified antenna meandered structure is replaced by rectan

optimized using Ansoft HFSS. An optimized set of dimensions for the proposed antenna design are 

listed in Table 1. The effects of key design parameters (L, W, and a diagonal slot) on the return loss 

and bandwidth of this antenna are investigated in the following paragraphs by numerical simulations. 

The substrate used in simulations is FR4 with relative dielectric constant of 4.4 (loss tangent=0.01) 

and height of the substrate equal to 1.56mm. The design starts with the selection of patch dimensions. 

Initially, the length and width of rectangular patch are chosen equal to that of total area below the 

meander structure. A diagonal slot has been introduced to enh

                        

 

Figure 4: Geometry of the 

Table 1.

Parameter

Length of 

Width of Rectangular patch(W

Length of ground (Lg)

Length of slot 

Width of slot   (t
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Figure 3: Radiation patterns of antenna shown in Figure 1. 

EOMETRY 

the geometry of modified antenna and its simulation setup in HFSS

modified antenna meandered structure is replaced by rectangular patch. Antenna dimensions were 

optimized using Ansoft HFSS. An optimized set of dimensions for the proposed antenna design are 

listed in Table 1. The effects of key design parameters (L, W, and a diagonal slot) on the return loss 

s antenna are investigated in the following paragraphs by numerical simulations. 

used in simulations is FR4 with relative dielectric constant of 4.4 (loss tangent=0.01) 

of the substrate equal to 1.56mm. The design starts with the selection of patch dimensions. 

Initially, the length and width of rectangular patch are chosen equal to that of total area below the 

meander structure. A diagonal slot has been introduced to enhance the impedance bandwidth.  

                 

 (a)      (b) 

Geometry of the modified antenna (a) geometry (b) simulation setup

Table 1. Optimized dimensions of the modified antenna. 

Parameter Value 

Length of Rectangular patch(L) 17.0mm 

Width of Rectangular patch(W) 15.5mm 

Length of ground (Lg) 16.2mm 

Length of slot  (s) 6.0mm 

Width of slot   (t)           2.0mm 
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and its simulation setup in HFSS. In 

gular patch. Antenna dimensions were 

optimized using Ansoft HFSS. An optimized set of dimensions for the proposed antenna design are 

listed in Table 1. The effects of key design parameters (L, W, and a diagonal slot) on the return loss 

s antenna are investigated in the following paragraphs by numerical simulations.  

used in simulations is FR4 with relative dielectric constant of 4.4 (loss tangent=0.01) 

of the substrate equal to 1.56mm. The design starts with the selection of patch dimensions. 

Initially, the length and width of rectangular patch are chosen equal to that of total area below the 

ance the impedance bandwidth.   

geometry (b) simulation setup 
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IV. SIMULATION RESULTS AND DISCUSSIONS 

The geometry shown in Figure 4 was simulated using Ansoft HFSS software which is commercially 

available EM software. All key design parameters (patch width (W), patch length (L), and slot 

dimensions) have been investigated to analyze the effect on antenna performance and are discussed in 

the following subsections. 

4.1 Effect of Patch Width (W) 

In this study patch width was varied by keeping patch length (L=17mm) constant. Patch width was 

varied in steps of 1mm. All the results are presented in Table 2. Return loss characteristics for all the 

cases studied are depicted in Figure 5. From the Table 2 it may be noted that W=15.5mm case proves 

to be the best one. Hence in the patch length optimization, W=15.5mm has been used and kept 

constant while varying the patch length. 

Table 2. Design parameters for various curves presented in Figure 5 showing the effects of the width of patch 

antenna. 
 

Curve No         Width of patch (W)        Length of patch (L)               RL Freq. Range %Bandwidth 

1 18.5mm 17mm 0.8-2.4GHz 100.0 

2 17.5mm 17mm 0.85-2.3GHz 92.0 

3 16.5mm 17mm 0.85-2.3GHz 92.0 

4 15.5mm 17mm 0.8-2.6 GHz 105.8 

5 14.5mm 17mm 0.85-2.7GHz 104.2 

6 13.5mm 17mm 0.9-2.8GHz 102.7 

 

Figure 5: Return loss characteristics for different values of W. 

 

Figure 6: Radiation pattern of modified antenna. 
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4.2 Effect of Patch Length (L)                               

As explained in Section 3.1, here the patch length was varied by keeping patch width (W=15.5mm) 

constant. Patch length was varied in steps of 1mm. All the cases are presented in Table 3. Return loss 

characteristics for all these values of patch length are depicted in Figure 7. From the Table 3 it may be 

noted that L=17.0mm case provides the highest bandwidth among all cases considered. Hence the 

optimized patch dimensions are L=17mm and W=15.5mm.  

Table 3. Design parameters for various curves presented in Figure 6 showing the effects of the length of patch 

antenna. 

 

Curve No         Width of patch (W)        Length of patch (L)               RL Freq. Range %Bandwidth 

1 15.5mm 15mm 0.9-2.55GHz 95.6 

2 15.5mm 16mm 0.85-2.56GHz 100.2 

3 15.5mm 17mm 0.8-2.6 GHz 105.8 

4 15.5mm 18mm 0.85-2.4GHz 95.3 

5 15.5mm 19mm 0.8-2.4GHz 100.0 

 

4.3 Effect of Slot Dimensions 

In order to tune the resonant frequency and slightly enhance the impedance bandwidth a slot was 

introduced with dimensions length (s) and width (t) as shown in Figure 1. Slot length was varied in 

steps of 1mm and it was observed that center frequency may be tuned up to 10%. This is basically due 

the fact that a slot introduces the reactance to the patch element. The effect of slot length variation is 

shown in Figure 8. Also, an effort has been made to vary the slot width, however no significant 

changes were observed. 

 
Figure 7: Return loss characteristics for different values of L (in mm). 

 

 

Figure 8: Effect of variation of slot length s. 
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V. CONCLUSIONS 

A rectangular monopole patch antenna with a slot embedded in it has been proposed here after 

designing the basic geometry reported in literature [8] which is having narrow bandwidth. The 

impedance bandwidth of the proposed design is above 100% in all the cases studied with good 

radiation characteristics. Also, the proposed design requires a very less number of parameters to 

optimize the geometry in comparison with the meander line antennas. The proposed antenna needs to 

be fabricated and tested for its practical validation and should be modelled to investigate its 

performance in terms impedance bandwidth, gain, and radiation efficiency. The antenna presented 

here proves to be electrically small and is the best candidate for MIMO applications. 
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ABSTRACT 

Preparation of landslide susceptibility mapping is one of the most important stages in landslide hazard 

mitigation. This study considers landslide susceptibility mapping in central Zab basin in west Azerbaijan 

province, Iran. Seven factors were used for landslide vulnerability analysis include: slope, aspect, distance to 

road, distance to drainage, distance to road, land use and land cover, and geological factors. This study 

demonstrates the synergistic use of medium resolution of SPOT-5 Satellite, for prepare of landslide-inventory 

map and Landsat ETM
+
 satellite for prepare of Land use map. After preparation of the needed information 

layers by influential parameters on landslides, we drew the zoning maps of slide hazard using the following two 

methods analytical hierarchy process (AHP) and frequency ratio (FR) incorporating and evaluate their 

performance. The landslide susceptibility map was classified into four classes: low, moderate, high and very 

high. The models are validated using the relative landslide density index (R-index method) that results shows 

that  more than 80 percent of landslides have happened in two classes, high hazard and very high hazard and 

showed that the frequency ratio model is better in prediction than the AHP model in study area. 

KEYWORDS: Susceptibility mapping, Satellite Images, analytical hierarchy process (AHP), Frequency ratio 

model (FR), Zab basin. 

I. INTRODUCTION 

Preparation of landslide inventory and susceptibility maps is one of the most important stages in 
landslide hazard mitigation. These maps provide important information to support decisions for urban 
development and land use planning. Also, effective utilization of these maps can considerably reduce 
damage potential and other cost effects of landslides. However, landslides and their consequences are 
still a great problem for many countries, particularly those in the developing world [21]. During the 
past few years, quantitative methods have been implemented for landslide susceptibility zonation 
studies in different regions [13, 2]. More sophisticated assessments involved, for example, AHP and 
FR [23, 30]. Nowadays, statistical methods are more applicable for prediction and classification of 
environmental problems in various regions.  
This investigation performs in central zab basin in the southwest mountainsides of West-Azerbaijan 
province. This investigation research is want that identification the sensitive landslide area by using of 
AHP and FR models until by identification this region, performance measures for control rationale in 
the region and prevent of capital and energy waste [7, 5].  
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The aim of this study was to use widely-accepted models, a statistical methods include analytical 
hierarchy process (AHP) and frequency ratio (FR) their performances and comprehensive validation 
of landslide susceptibility mapping prepared through two different methods, analysis approach and 
landslide causative factor databases developed using Satellite images with the aid of GIS in Zab basin, 
while limiting the collection of landslide and thematic data. For the Zab Basin. Landslide 
vulnerability map was validated using R-Index. 
Landslide susceptibility processing and practical verification of the methodology can provide a basis 
for urbanism, land use planning and for public administration offices and insurance companies [10, 
25]. The methodical procedure in preliminary geological investigation stages presents low cost 
research, especially for larger areas and lined structures which are endangered both by extremely slow 
landslides and by rapid debris flows [1, 14]. 

II. GEOGRAPHICAL LOCATION OF STUDY AREA 

The study area is located in the southwest mountainous area of West-Azerbaijan province along the 
Zab river basin in Sardasht between the latitudes of (36° 8' 25") N and (36° 26' 27") N and the 
longitudes of (45° 21' 21") E and (45° 40' 44") E (Fig. 1). Central part of the Zab river basin stretching 
30 km from north - to south and east – to west respectively, about 520 square kilometers (Figure 1). 
This basin is one of the residential most populated areas in the region which include one city, three 
townships, and more than eighty villages. This zone is quite susceptible to landslide due to its climatic 
conditions, geology, geomorphologic characteristics and human activities. It is one of the settled 
geographical basins including a city, three towns or small cities, and over 80 villages [26]. Here, a 
north-west extension branches off from the east-west oriented ridges of Zab valley, creating a 
different landscape from that of the internal sections of Azerbaijan and Kurdistan. The major part of 
the study area is located in the Sanandaj- Sirjan zone and its east and eastern north parts locate in the 
Mahabad- Khoy zone. In aspect of tectonic since the region is located in major Zagros thrust direction 
and faults are the main causes of pit formation. The region morphology strongly affected by tectonic 
forces [18]. 

 

Figure1. Geographical position of study area (Source: Author generated). 

III. MATERIAL AND METHODS 

The data entry and production were the most cumbersome and time-consuming steps of this study. 
First of all, a digital elevation model (DEM) of the study area was generated from a triangulated 
irregular network (TIN) model that was derived from digitized contours of four 1:50,000 scale 
topographical maps with a contour interval of 25 m. The slope, slope aspect parameters were obtained 
from the generated DEM.  
The critical point was the selection of appropriate pixel size for positional accuracy and precision of 
susceptibility levels in the resultant map. The positional accuracy needed for 1:50000 scale maps must 
be 150 m. For this reason, a pixel size of 50 m was selected for our DEM.  Fault lines were derived 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

105 Vol. 4, Issue 2, pp. 103-112  

 

from 1:100000 scale geology maps and the aerial orthogonal distance of all pixels to fault lines 
calculated. A similar process was carried out for road lines, and drainage networks. In addition, the 
kilometer square density of drainage networks, road and fault lines were also used to demonstrate the 
importance of the features in the whole study area.  
The properties of the landslides were recorded on a standard landslide inventory data sheet, but the 
main purpose herein was to map only the boundaries of the landslides. A digitized map of landslide 
boundaries was produced, and these digitized maps were input into GIS. A vector-to-raster conversion 
was performed to provide a raster data of the landslide areas.  
Waterways of zab basin were digitized and all the needed operations for using this information in 
Ilwis environment were carried out. The rasterized pixel size is considered to be 25×25 square meter. 
We drew the annual co-rainfall curves in Zab river basin by using 30 year statistics of the stations in 
the studied region, Interpolation technique and Krigging in GIS environment. 
Another dataset used was land cover, which was interpreted from Landsat ETM+ image on the 21 
April 2009.  It was calibrated using field observations. Because of significant cloud coverage, results 
of the classification were edited and simplified by manual digitization. The interpreted images were 
then digitally processed to further modify the boundaries by supervision classification with ERDAS 
(Earth Resource Data Analysis System) software. The accuracy of the land cover interpretation was 
checked by in the field work. After geo-referencing the resultant image, a combination of bands 1, 4 
and 7 was used to make complex color pictures, and operational information layer created by the 
method of Categorization of Utmost Probability (Figure 2).  

 

Figure 2.  3D image picture of Zab Basin, extracted using Landsat ETM + satellite photos and the relevant 

Digital Elevation Model (Source: Author generated).  

After preparation of the needed information layers by influential parameters on landslides, we drew 
the zoning maps of slide hazard using the following two methods analytical hierarchy process (AHP) 
and frequency ratio (FR) incorporating and evaluate their performance. 

3.1. Analytical hierarchy process (AHP) 

The application of the AHP method, developed by Saaty (1977), for landslide susceptibility has been 
shown before [20, 29] and it was used to define the factors that govern landslide occurrence more 
transparently and to derive their weights. Where AHP was used, the CR (Consistency Ratio) was 
calculated. The models with the CR greater than 0.1 were automatically rejected. With the AHP 
method, the values of spatial factors weights were defined. Using a weighted linear sum procedure 
[16] the acquired weights were used to calculate the landslide susceptibility models. 
Multiple criteria analysis (MCA) techniques are effective tools to survey complex phenomenon and 
extols programming. Combination of the two techniques, MCA (Multiple Criteria Analysis) and GIS, 
makes a technique referred to as spatial decision support system (SDSS). It is used generally to 
investigate location problems [12]. In Analytical hierarchy process (AHP) all criteria and factors are 
doubled up and are compared and result are registered in a weighting index matrix. There is nine 
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scales ranging from 1 to 9 that gradually show priority factors. One means equal values while 9 means 
the maximum priority (Table 1). 

Table 1. Pair-wise comparison 9-point rating scale 

Importance  Definition  Explanation 

1 Equal importance 
Contribution to objective is 

equal 

3 Moderate importance 
Attribute is slightly favored 

over another 

5 Strong importance 
Attribute is strongly favored 

over another 

7 Very strong importance 
Attribute is very strongly 

favored over another 

9 Extreme importance 
Evidence favoring one attribute 
is of the highest possible order 

of affirmation 

2, 4, 6, 8 Intermediate values When compromise is needed 

 
This study will make use of the AHP method because of its precision, ease of use, and because of its 
ready availability as a built-in tool within Expert Choice software. Factor weights for each criterion 
are determined by a pair-wise comparison matrix as described by Saaty (1990, 1994) and Saaty and 
Vargas (2001) [27].  The method employs an underlying 9-point recording scale to rate the relative 
preference on a one-to-one basis of each criteria [22].  
In most susceptibility assessments, however, the state of knowledge about all event-controlling 
parameters is simply imperfect anyway. The numerical values are quantified translations useful for 
calculating factor weights and the validity of the numerical values may best be judged by the factor 
weights and the consistency of the calculation process [19]. Pair-wise comparison, however, is 
subjective and the quality of the results is highly dependent on the expert's judgment. In AHP, an 
index of consistency, known as the consistency ratio (CR) Eq. (1), is used to indicate the probability 
that the matrix judgments were randomly generated [28]. 

CR = CI = RI                                                                          (1)   

where RI is the average of the resulting consistency index depending on the order of the matrix given 
by Saaty (1977) and CI is the consistency index and can be expressed as Eq. (2)  

CI =  ً◌(λmax −n) / (n-1)                                                                     (2)   

where λmax is the largest or principal eigen value of the matrix and can be easily calculated from the 
matrix, and n is the order of the matrix. 
For all the models, where the AHP was used, the CR (Consistency Ratio) was calculated. If the CR 
values were greater than 0.1, the models were automatically discarded. Using a weighted linear sum 
procedure [17] the acquired weights were used to calculate the landslide susceptibility models [3].  

3.2. Frequency ratio method (FR) 

When evaluating the probability of land sliding within a specific period of time and within a certain 
area, it is of major importance to recognize the conditions that can cause the landslide and the process 
that could trigger the movement. The correlation between landslide areas and associated factors that 
cause landslides can be allocated from the connections between areas without past landslides and the 
landslide-related parameters. In order to prepare the landslide Susceptibility map quantitatively, the 
frequency ratio method was implemented using GIS techniques [9].  
The frequency ration is the ration between the landslides in the class as a percentage of all landslides 
and the area of the class as a percentage of the entire map.  The frequency ratio method is very easy to 
apply, and results obtained by [17, 24] are very intelligible. The landslide susceptibility index (LSI), 
Eq. (3), was calculated by a summation of each factor ratio value: 
 

∑= aFrLSI                                                                                (3) 
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where Fra  is the frequency ratio of each factor type or range. A Fr of 1means that the class has a 
density of landslides proportionally to the size of the class in the map.  

IV. RESULTS AND DISCUSSION 

The SPOT imagery is mainly composed of green, red, and near-infrared wavebands. In the green and 
red wavebands, the landslide has a stronger reflectance than other land covers. 
However, in the near-infrared waveband, vegetation reflects the near-infrared more strongly than bare 
soil (landslide). In this study, in order to effectively extract landslides from multitemporal imageries, 
the image differencing algorithm was used to generate the differentiated image from pre- and post-
quake images. The algorithm is based on a pair of coregistered images of the same area collected at 
different times. The process simply subtracts one digital image, pixel-by-pixel, from another, to 
generate a third image composed of the numerical differences between the pairs of pixels [11]. The 
waveband combination (Gdif, Rdif, NIRdif) for the differentiated image can be expressed as (Eq. (4)): 
 

(Gdif, Fdif, NIRdif)= (G2-G1, R2-R1, NIR2-NIR1)                                             (4) 
 
Where G2 - G1 is the difference of the green waveband between pre- and post-quake images, R2 - R1 
is the difference of the red waveband between pre- and post-quake images, and NIR2 - NIR1 is the 
difference of the near-infrared waveband between pre- and post-quake images. The land use change 
types were categorized by the method of image subtraction, where the brightness value after hazard 
subtracts that before hazard. The three major change types are positive change, no change, and 
negative change. (1) Positive change is the differential brightness value greater than 0. Vegetation 
land cover has been substituted for the original bare land surface. In some areas vegetation work had 
been implemented and received a positive change value. (2) No change is the differential brightness 
value close to 0. These areas are not suffering from hazards such as undamaged buildings, unchanged 
vegetated areas and bare land. (3) Negative change is a differential brightness value less than 0 
(Figure 3).  
 

 

Figure 3.  SPOT satellite images at the central Zab basin landslide (Source: Author generated). 

4.1. Landslide susceptibility analyses using Analytical hierarchy process  
In consistency matrix main diameter value is 1 and the elements of lower triangle are inverted at 
higher triangle elements. (aji = 1/aij). aji is the ratio of (A priority to B priority) [6].  The results of the 
pair-wise comparison matrix and the factor weights are shown in Table 2. The CR in our study is 
0.05.  

Table 2. Pair-wise comparison matrix and factor weights of the data layers 
 

Factors Slope Geology Land use Distance 

to fault 

Distance 

to 

drainage 

Aspect Distance 

to road 

Weights 
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Slope 1 1/3 1 1 3 4 7 0.1706 

Geology 3 1 2 3 4 5 7 0.3334 

Land use 1 1/2 1 2 3 4 6 0.1951 

Distance to 
fault 

1 1/3 1/2 1 3 4 5 0.1497 

Distance to 
drainage 

1/3 1/4 1/4 1/3 1 2 4 0.4341 

Aspect 1/4 1/5 1/4 1/4 1/2 1 3 0.2938 

Distance to 
road 

1/7 1/7 1/6 1/5 1/4 1/3 1 0.1589 

After weighting each factor one has to multiply the resulting weights by each layer value. Using this 
equation, the final was determined [4]. As a result of the AHP analyses, the landslide susceptibility 
map was produced for central Zab basin (Figure 4) 
 
 

 
Figure 4. The landslide susceptibility map produced by AHP (Source: Author generated). 

 

4.2. Landslide susceptibility analyses using Frequency ratio method  

In general, to predict landslides, it is necessary to assume that landslide occurrence is determined by 
landslide related factors, and that future landslides will occur under the same conditions as past 
landslides [16]. In order to construct the landslide susceptibility map quantitatively, the frequency 
ratio model was first used by means of GIS. The comparison between the spatial distribution of 
landslides and landslide susceptibility map shows that the causative factors selected are relevant and 
model performs successfully. The analysis shows important ability of some variables in causing 
landslides. If the value is greater than one, then there is a high correlation, and a value of less than one 
means a lower correlation. A landslide susceptibility map (Figure 5) was constructed using the LSI 
value for interpretation. 
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Figure 5. The landslide susceptibility map produced by FR  (Source: Author generated). 
 

4.3. Validation of susceptibility map 

Susceptibility maps were validated by means of landslide affected area corresponding to susceptibility 
classes. Landslide susceptibility map generated in this study exploit the relative landslide density 
method (R-index) to assess the relationship between the landslide susceptibility map and landslide 
inventory points. The sample data were collected by field work and GPS. The number of landslide 
which is detected in filed observes were 29 landslides consequence heavy rain falls. Kinds of 
landslides from size occurred throughout the region. Analytical hierarchy process and frequency ratio 
model were evaluated. Although in the map of diagnostic analysis only a class of low hazard is fewer 
consistent, other classes are match with distribute of landslide occurred. Validation of susceptibility 
maps performed with a formula that defined as follows (Eq. 5): 

 

100))/(/)/( ×∑= NiniNiniR                                                              (5) 

Where ni the number of landslides occurred in the sensitivity class i and Ni the number of pixel in the 
same sensitivity class i. from the classes with high and very-high hazard, frequency ratio method 
works better than Analytical hierarchy process method. The R-index sample data set in Very high 
hazard class for Analytical hierarchy process method is 139% but for frequency ratio method is 171% 
(Table 3).  

Table 3. Validation (R-index) of Analytical hierarchy process and Frequency ratio   

Validation 

methods 

Sensitive 

class 

Number 

of pixel 

Area 

per cent 

Number 

of 

landslide 

Landslide 

percent 
R-index 

Analytical 
hierarchy 
process 

Low hazard 125533 14.7 3 7.4 28.1 

Moderate 
hazard 

227596 22.4 5 22.9 62.7 

High hazard 314671 30.1 9 27.1 128.4 

Very high 
hazard 

248652 32.6 12 44.6 139.5 

Frequency 
ratio 

Low hazard 126010 9.9 1 3.4 36 

Moderate 
hazard 

506184 39.9  7 24.1 62.8 

High hazard 316945 25 9 31 129.1 

Very high 
hazard 

318821 25.1  12 41.4 171.1 

Finally, from assess of all classes view, frequency ratio is more exactly than other three classes in the 
Analytical hierarchy process method (Figure 6).  
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Figure 6.  R-index validation of Analytical hierarchy process and Frequency ratio methods for susceptibility 

mapping in the study area (Source: Author generated).  

The landslides are the mostly spread in areas belonging to lower and moderate elevation classes. The 
80% of landslides have occurred in 1000 – 1600 m elevation classes. 
As a general aspect, shear stresses on the slope material increase with increasing of slope degree and 
it is expected that landslides will occur in the steepest slopes. On the other hand very low shear 
stresses are expected at gentle slopes. Slope angle is a most important factor contributing to slope 
instability. It is noticed that most of the landslides have occurred on slope of 20˚-30˚. Steep slopes are 
made of resistant hard rock and are stable and generally have less significant anthropogenic activities 
remaining relatively without interruption. The slope aspect plays a major role in combination of slope 
gradient. The aspect of the slope can control landslide initiation. It can be seen that landslide mostly 
falls on facing N, NW, S, SW slopes.  
The Sarasht-Piranshahr main road also has a strong relationship with landslide occurrence based on 
this study which can be because of disruption of natural profile, cut slope creations through road 
construction activities and the loads imposed by construction materials. Tension cracks may be 
created as a result of an increase in stress on the back of the slope because of changes in topography 
and the decrease of load [30]. The closer distance to the road 0 to 20 m, the greater landslide 
probability has occurred. Distance to drainage is one of the important factor for causing landslides. 
The 48% of landslide falls in the first, second and third order streams. Abundant landslides are 
observed in the drainage distance of 0-200m and 2000-400m. Land use plays a most important role in 
causing landslides. 
Dry farm land and mane made forest are much prone to slides due to very closely related to 
anthropogenic activities of intense agricultural plantation; increase the construction activities for built 
up land. Geology is a major controlling factor for landslide. The geology of the area, results of 
frequency ratio, it can be seen that highest in Alluvial and Marble classes. This class  
Mainly including discontinuities of rock dipping outward the slope direction and easily weathered 
materials, these are the main reason for 79% of landslides have occurred in this class. The Rainfall is 
a triggering factor to causing landslides. It can be noticed that 61% of landslides occurs in the 800-
900 class.  
Distance to fault is another factor in generate slope instability. Although distance to the fault isn’t as 
distance to the road from space effect for landslide occurs. About half of the landslides have occurred 
in class 0-1000 m.  Then can be found seismic and intense of active fault or lineament of inactive or 
dormant fault affected on occur of landslides. The results of the Susceptibility map have been 
validated with the landslide incidences located from the field studies.  

V. CONCLUSION 

The distribution of the landslide density among different susceptibility levels is coherent. The results 
are showing that zonation accuracy by using of analytical hierarchy process and frequency ration 
methods are very important in because of attend to membership value of per operative in final 
zonation landslide in done disasters of landslide predict. Therefore, the study area is sensitive to 
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landslide. More than 90 percent of landslides have happened in two classes, high risk and very high 
risk. This agrees with the real world condition. From assess of all hazard classes view, frequency ratio 
is more exactly than analytical hierarchy process method. As quoted from landslide susceptibility 
maps are of great help to planners and engineers for choosing suitable locations to implement 
developments. These results can be used as basic data to assist slope management and land use 
planning, but the methods used are valid for generalized planning and assessment purposes, although 
they may be less useful at the site specific scale where the local geological and geographic 
heterogeneities may prevail. 
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ABSTRACT 

Development in information technology brought up various problems and threats associated with it. It is 

essential to make the communication between two parties secret. In this paper we proposed a method to provide 

more security in relation to the key, here the sender doesn’t have any necessity of transferring a key along 

with ciphertext while communicating. At receiver side needs to generate reference tables and Building blocks 

for decrypting the data as same as at sender side. Here reference table uses rotational shifts towards top- down 

and down-top based on indexing of the bits and building blocks uses character indexing blocks and transpose 

indexing blocks. These are the main components of the proposed method. The main strength of the paper is 

cryptanalysis of the proposed algorithm shows that it is resistant to various attacks.  

KEYWORDS: Rotational shifts, Reference Table, Building Blocks (3X3), Character Indexing, Transpose 

Indexing. 

I. INTRODUCTION 

The extreme development of internet makes convenient to transmit and access and distribute the 

information. Over the last few decades, many security algorithms such as Block cipher [1], Private 

Key [2, 14] or public key algorithms [3,9, 12] are used to produce the codeword from the data word. 

Weather it may be the rapid growth of the technology or the lack of security in relation to the keys are 

causes to face the security problems like loss or modify the privacy information by attacking [4, 14].  

This proposed algorithm reduces these kinds of problems and gives the better solution. It improves the 

efficiency in the aspect of less time complexity, satisfies all security services and improves the 

confusion. 

Any authenticated schemes have the following properties i.e. Confidentiality which is referred as    

secret information shared between sender and receiver; any outsider cannot read the information [3, 

13]. The sender traces his identity, which only the designated receiver can loosen and verify.  An 

anonymous adversary cannot send a malicious message masquerading as the original sender, because 

he does not have the necessary tools to generate the signature is referred as authentication. Next 

important security service as a property is Non – repudiation [3, 9]. Here the signature firmly 

establishes the identity of the sender.  The sender cannot deny having sent the message and the 

signature. The last property is Message recovery [13]. Here, upon receipt of the cipher text, the 

recipient decrypts it and separates the signature and the message and verifies the authenticity of the 

sender. Only he will be able to do so because he alone has the necessary tools.  

All security algorithms need to satisfy these properties for providing the complete security to the 

information while in communication [15]. Then only can protect the secure data by all the 

perspectives of the attackers. In this paper we proposed a method as an algorithm for providing the 

security to the data with out transmit a key through encrypted data communication. That is if sender 

wants to send any data to the receiver, first it itself generates a table referred as rotational shifts table 
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and its resultant is called as resultant reference table. By the reference of these tables sender will 

creates 3X3 building blocks by using the mathematical operations like transpose which are used to 

convert plaintext into cipher text. Now, only ciphertext can be participated in the communication 

channel with out a key. At receiver side, it itself generate the tables and blocks which are generated at 

sender side without regards of the tables and blocks information from sender side. Here, the ciphertext 

is converted into plain text with the help of receiver generated things as tables and blocks. In this 

paper we developed an algorithm up to converting the ciphertext into plaintext only but can enhance 

this work until verification process at receiver side like whether the received plaintext is genuine or 

not by using any hashing mechanisms like MD5[16], SHA [17], etc. This method has may advantages 

than exiting methods moreover it con satisfies all security services along with the resistant from the 

cryptanalysis attacks. 

The rest of the paper is organized by the following way. Section 2 consists of proposed method. 

Section 3 holds the advantages of the proposed method. Results and discussion with cryptanalysis are 

illustrated in Section 4. 

II. PROPOSED METHOD  

In this work we have devised an algorithm for data cryptography which is improved version of 

existing algorithms as DES [4], Sierpinski [5], and cheating text [6]. In this paper we have proposed a 

method to encrypts the data and transmit the secure codeword i.e. ciphertext with out a key. It 

specifies that the sender encodes the data by using Encryption algorithm which uses the reference 

table as discussed in section 2.2 and section 2.3 then the resultant is referred as ciphertext. It is only 

transmitted to the receiver. Whenever the secure codeword as ciphertext only is received by the 

receiver then immediately decrypt the ciphertext by using decryption algorithm which is also used 

reference table as shown in section 2.4 and section 2.3 to get the original data.  This proposed method 

initially has three modules that are Reference table creation, creation of three character and index 

Blocks with the size of 3x3 and Transpose blocks. Encryption and decryption of an original text is 

done based on these three modules of the reference algorithm. This process is shown as Figure 1. 

 

 

 

 

 

 

 

 

 

  

 

 

 

Figure 1. Process of Proposed Method 

2.1. Methodology of Reference Table Creation 

In module 1 the reference table is created by the principle of rotational shift as shown in Table 1. This 

table holds seven columns. First column is for index, Column 2 to column 6 (i.e 1 to 5) are reserved 

for bits representation of the characters (i. e A to Z and a delimiter). Seventh column stores the 

corresponding Alphabetic character. Here, it applies top to down rotational shift for even indexing 
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Plain Text 
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3X3 character 

& transpose 

Index Blocks 

Sender Site Receiver Site 
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columns and circular down to top shift for odd indexing columns. The resultant reference table is 

shown as table 2. In this context, if two or more rows obtain the same index then update the index by 

the nearest prime value of that index. If that prime value is also existed then again find the nearest 

prime number of the prime value. Repeat this procedure until get all values is unique in a table. It is 

shown as Table 2. 

              Table1. Rotational shift reference table    Table 2. Resultant Reference table 

 

 

 

  

 

 

 

 

 

 

 

 

 

 

Module 2 consists of two stages. In a stage 1, needs to create three blocks by the order of 3X3 which 

store all the characters (A to Z) including delimiter by sequentially as shown in Figure 2, Figure 3 and 

Figure 4. With the reference of the resultant reference table fill up the blocks with the value regards 

the corresponding character as stage 2. Those are referred as Figure 5, Figure 6 and Figure 7. 

 

  

 

                                          

                                                  
                                                                                                                          
          Figure 2. Character Block 1           Figure 3. Character Block 2              Figure 4. Character Block 3 

 

 

 

 

 

 

 
             Figure 5. Index Block 1     Figure 6. Index Block 2                   Figure 7. Index Block 3 
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Figure 8. Transpose Index Block 1       Figure 9. Transpose Index Block 2   Figure 10. Transpose Index block 3 

In this proposed method no key is participating in the communication. First, sender as an encoder 

converts the original data in to ciphertext using reference algorithm which is formatted based on the 

reference tables and 3X3 blocks and Encryption algorithm as discussed in section 2.1 and section 2.2. 

At sender side, only ciphertext can be placed on the transmission media with out any key. Now, at 

receiver side, receiver decodes the ciphertext which has received by the sender into plaintext by the 

reference of reference algorithm and Decryption algorithm as shown in the following sections.  

2.1.1 Reference Algorithm  

This algorithm is used by both encoder and decoder for encoding the plaintext and for decoding the 

ciphertext. It is designed based on the rotational reference table and its resultant table as well as 

character blocks and Index blocks. At both sender and receiver side generate the reference tables and 

3X3 blocks by its own using the following algorithm. It acts as a key at both sender and receiver 

sides. 

Algorithm 

Step1: Give index to all the alphabets along with any delimiter as space. 

            i.e index[k].    Where ‘k’ and ‘val(index[k])’ = 0 to 26. 

Step2: Convert val(index[k]) into 5 bit binary.  

             For i= 0 to 26  

              For j= 1 to 5 

                Rotat[i][j]=Bin[i][j] =Binary(val(index[k]))  

Step3: Apply separate rotation procedures for Even index ( Bin) i.e j=2,4,6… and  

           Odd_index(Bin) i.e j=1,3,5….. 

           Step3.1. If (Odd_index (Bin)) then I=0;   

                         Repeat 

                           rotat[i+1][j]=rotat[i][j]; i++; 

                         Until (i<=25); rotat[0][j]=rotat[26][j] 

           Step3.2. If (Even_ index(Bin)) then rotat[26][j]=rotat[0][j]; I=26; 

                         Repeat 

                            rotat[i-1][j]=rotat[i][j];  i - -; 

                         until(i==1)   

Step4: Convert rotat into ASCII values. i.e ascii[rotat]. 

Step5: Assign alphabets and space to ascii[rotat] by consecutive . 

                      i.e   Ascii[rotat]=alpha[t] where t= A to Z and delimiter as space. 

Step6: Take 3 blocks with the size of 3X3. Block[i][j] where i=j=3 

Step7: Arrange all alphabets including delimiter in to the blocks by sequence. 

            Block[i][j]=alpha[t]    where t= A to Z and delimiter as space 

Step8: Assign corresponding Ascii[rotat] values of block[i][j]; 

            Block1[i][j]=Ascii[rotat](block[i][j])  

Step9: Find transpose (block[i][j]) i.e Transblock[i][j] =(block1[i][j])
T 

 

2.2. Encryption Algorithm 

At sender site, plaintext is converted in to ciphertext by using the transpose of 3X3 index 

blocks which make through the reference of reference table by sender itself. It has shown as 

follows.  

16 0 7 

2 1 12 

3 6 13 

10 9 4 

11 14 5 

8 15 18 

19 22 17 

23 27 28 

17 26 31 
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Algorithm 

Step1: Convert plaintext into tokens as character i.e Char[t] 

Step2:  Assign a value to char[t] by the reference of Transblock 

Step3:  Assign a token to  val(char[t]) by the reference of alphabets_ at_ ascii[rota] from   

            Sec 2.1  i.e  Ciphertext.      

            Val(char[t])= alphabets_at_ascii(rota). 
 

2.3. Decryption Algorithm 

At receiver site, ciphertext is transformed in to plaintext by using the transpose of 3X3 index 

blocks which build through the orientation of reference table by receiver itself. It has shown 

as follows. 

Algorithm 

Step1: Convert ciphertext into tokens as character i.e Rchar[t] 

Step2: Assign corresponding value to Rchar[t] by the reference of Transblock. 

Step3: Assign a resultant token to val(Rchar[t]) by the reference of alphabets_at_  

            ascii[rota]  from Sec 2.1. i.e Plaintext. 

               Val(Rchar[t])= alphabets_at_ascii(rota).  

III.  ADVANTAGES OF PROPOSED METHOD 

The need of securing the information from the third party is improves the security services like 

authentication and confidentiality. The digitization of sensitive data and transfer of it through a 

network along with the key is a main cause to attack the information by the eavesdropper. This 

proposed algorithm overcomes the limitations which are existed in the present approaches [1, 2, 3, 4, 

8]. Unlike most of the security algorithms which include a separate key while transmitting the 

message our algorithm extracts the key from the message itself. The algorithm we proposed is easy to 

implement and requires no transmission of key through a third party. The main advantages of the 

present system are as follow. 

Advantages 

1. The proposed algorithm provides greater security in relation to the keys. As no explicit keys are 

required, we don’t have any necessity of transferring key through the communication channel. 

Eventually, it reduces the intrusion by eavesdropper. 

2. Here, key generation is occurs at both sides as sender and receiver by them own. Hence the chances 

are less for identifying a key by the unauthorised person.  

3. It is using shifting operation but neither left shift nor right shift. Instead, here we use rotational 

shifts towards top - down and down -top based on indexing. It may improve the confidentiality and 

confusion. 

4. We have constructed the algorithm such that it comprises the simpler algebraic operations like 

TRANSPOSE, SHIFT, and these operations are found to require lesser time complexity as compared 

to number generation [4] or any other logarithmic [5, 8] or exponential operations [6,9] as in other 

encryption techniques. 

IV. RESULT AND DISCUSSION  
Plaintext: master 

Plaintext in transpose block data: 11 16 19 22 1 18 

Ciphertext: kasver 

 

4.1 Encryption and Decryption Scheme 
Figure 2, Figure 3 and Figure 4 show insertion of characters in sequential order, and Figure 5, Figure 

6 and Figure 7 show the insertion of index of characters by the reference Table 2. Now, transpose the 

three index blocks then the resultant is stored as separate blocks by the name of transpose index 

blocks. The plaintext in transpose block data is 11 16 19 22 1 18. Cipher text in characters with the 

reference of Table 2: kasver. Decryption procedure is exactly same as encryption done in reverse 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

118 Vol. 4, Issue 2, pp. 113-119 

 

order by the use of reference Table 2 and 3X3 character and transpose index blocks as shown as 

Figure 8, Figure 9 and Figure 10. 

4.2 Cryptanalysis 

Cryptanalysis analyses the attacks that are possible based upon the characteristics of the design of the 

algorithm in order to deduce a specific plaintext or the secret key used [7]. This rotational shifts and 

building blocks security cipher resistant all the four of cipher text only, known plain text, chosen plain 

text and chosen cipher text attacks. In the cipher text only attack, the cryptanalyst will know the 

encryption algorithm and the cipher text that has to be decoded [8]. Proposed method has fewer 

chances to break the ciphertext from the encryption algorithm with out having the knowledge 

regarding reference table. This table is not been in the communication. Hence this method can 

resistant from this attack. 

The attacker will have knowledge of the cipher text and one or more plaintext-ciphertext pairs and 

encryption algorithm are referred as known plain text attack [10]. The proposed method case study 

shows that the plaintext that is known is more in size then the number of attempts will be less to find 

out the key. In the chosen plain text attack, the attacker selects the plaintext together with its 

ciphertext generated with the secret key.  And in the chosen cipher text attack, the attacker selects the 

ciphertext together with its decrypted plaintext generated with the secret key. If we select a 

plaintext/cipher text of fixed size we get different types of cipher / plain texts due to of using prime 

numbers and for a plain / cipher text of size fixed size we get different types of cipher / plain texts 

because of using the prime numbers in the resultant of reference table. 
 

V. CONCLUSIONS AND FUTURE WORK 

The Rotational shifts and Building Blocks based security cipher provides a mechanism to transmit the 

encrypted data i.e. ciphertext without any external key. This directs to saving of certain amount of 

time consumed to transmit the key. The results depicted in the preceding section clearly show the 

better performance shown by the proposed algorithm as compared to other algorithms for security. 

In this method we used circular shifts towards top – bottom and bottom to top depends on indexing of 

the cells as well as two kinds of building blocks for improving the confusion with more reliability of 

the communication. Time complexity is less comparatively existing algorithm because it uses shifts 

and transposes operations instead of logarithmic, exponentials. Eventually, it prevents eavesdropper 

from attacking the data being sent during communication process. 

At present days information attacks are rapidly increasing due to the cause of globalisation. Hence,  as 

a part of the future work we would like to implement this work using image watermarking to improve 

the security of the information. The robust watermarking method will be used for increasing the 

security of data hiding as well as quality compared with the existing algorithms. 
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ABSTRACT 

Vehicular ad-hoc network (VANET) is self-organizing wheeled networks that enable communication in between 

high speed moving road vehicles like cars, trucks, busses etc. in VANET network each vehicle behave as a 

mobile node and can be  move in any direction with varying speeds that makes highly dynamic environment. The 

existing mobile ad-hoc network (MANET) routing protocol are unsuitable for VANET because of frequently 

change in mobility pattern and topology of this network. In last few years many ideas has come and 

implemented in this area but still there is scope of modernization. The reconstruction of existing protocol or 

introducing new idea of routing in VANET environment will be a milestone and the performance evaluation will 

be a nice approach towards that.  In this paper we evaluate performance of AODV, DSDV and DSR routing 

protocol on the basis performance metric packet delivery ratio, end to end delay, and throughput of the network, 

in the cluster based VANET environment with increasing the number of mobile nodes. The Simulation studies 

are conducted using NS2. 

KEYWORDS: Routing Protocols, VANET, Clustering, Mobility. 

I. INTRODUCTION 

Vehicular Ad hoc Network (VANET) are a subclass of Mobile Ad-hoc Network (MANET) where 

vehicles moving at high speed are the nodes which are used to exchange data in the network. In this 

environment vehicle can move anywhere, any direction with varying speed that make the frequent 

changes in the topology and mobility pattern of VANET network that present the key difference from 

the MANET [1,2,3]. Today all major vehicle manufacture companies and industries focus in this area 

for reducing communication issues in between vehicles [4]. Many researchers has given their 

contribution in in this area of research like CarNet, CarTALK 2000, DRIVE, FleetNet and COMCAR  

projects [5-10]. The performance of the routing protocol degrades with speed and size of the network, 

so designing of efficient routing protocols are always challenging in high mobility environment that is 

main characteristic of VANET. 

In VANET network for exchanging data the entire mobile nodes behave as a router as well source and 

destination node.  The DSDV (Destination-Sequenced Distance Vector) routing protocol is based on 

the Distributed Bellman-Ford algorithm.  Each node in DSDV maintains a next-hop table, which it 

exchanges with its neighbors. The Dynamic Source Routing ( DSR ) protocol is based on secure 

routing method. In this algorithm the mobile node whose want to send data in network knows the 

complete path of destination and store that in route cache. The data packet carries the source path in 
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the packet header. Instead depending on the intermediate mobile node routing table information this 

protocol use the source routing path. So the path length in between source to destination node affects 

the routing overheads. The broken link in this protocol does not repair locally by route maintenance 

process that shows shortcoming of this protocol. It has two important phases, route discovery and 

route maintenance [11, 12]. AODV protocol combines the mechanisms of DSR and DSDV for 

routing.  For each destination, AODV creates a routing table like DSDV and using mechanism of 

routing route maintenance and discovery as DSR.   

In this paper we have evaluate routing performance of AODV, DSDV and DSR routing protocol in 

cluster based VANET environment where number of mobile node increases the size of cluster. The 

performance evaluation is based on the metric of packet delivery ratio, end to end delay and 

throughput of the network. The rest of the paper is organized as: section 2 discuss about the overview 

of AODV, DSDV and DSR routing protocols. Related work is present in section 3. The simulation 

setup and performance metric is discussed in section 4. The results are shows in section 5 and finally 

paper is concluded in the section 6. 

II. OVERVIEW OF AODV, DSDV AND DSR ROUTING PROTOCOLS IN 

VANET 

The routing protocols basically perform the three main functionality route discovery, maintenance and 

selection of the efficient path from the various available paths. The routing protocols in the VANET 

environment are characterized on the basis of area / application where they are most suitable and are 

classified into five categories can be seen in figure 1. 

 

 

Fig. 1: Routing Protocol in VANET 

There are several papers [13, 14, 15] presents information about various VANET routing protocols. 

We have also described the categories of VANET routing protocol in our previous work [16]. In this 

paper we have selected AODV, DSDV and DSR routing protocol for our simulation purpose. 

2.1 Destination-Sequenced Distance-Vector Routing (DSDV) 

The C. Perkins and P. Bhagwat developed this routing protocol in 1994 [17]. It is table driven routing 

scheme for ad-hoc mobile network based on classical Bellman Ford routing algorithm with some 

improvements. Solving routing looping problem, increases convergence speed and reducing control 

overhead message was the main contribution of this algorithm. In DSDV nodes transmit update 

periodically to its neighbor node with the information of its routing table. DSDV routing protocol 

maintain a routing table that store cost metric for routing path, address of next hop up to the 

destination and the destination sequence number assigned by the destination node. Whenever the 

topology of the network changes, a new sequence number is necessary before the network re-

converges and the node changed routing table information into event triggered style and send updates 

to its neighbor nodes. The “full dump” and “incremental update” is two ways in DSDV for sending 
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information of routing table updates. As like name “full dump” the complete routing table is send in 

update message while incremental update contains only the entries with metric that have been 

changed since last update was sent.  

This algorithm is suitable for small ad-hoc networks but the regularly updating routing table, less 

bandwidth and essentially requirement of new sequence number at the time of network topology 

change shows the shortcoming of this protocol and make it unsuitable for long and highly dynamic 

network environment like VANET. 

2.2 Dynamic Source Routing (DSR) 

The Dynamic Source routing protocol (DSR) is a on demand routing protocol based on a method 

known as source routing that are designed specifically for use in multi-hop wireless ad-hoc network to 

reduce the amount of bandwidth consumed by control packets by eliminate the requirement of 

periodic table update message. This algorithm provides the route on-demand and the sender node 

knows the complete hop by hop route to the destination. The routes are store in route cache. Route 

discovery and maintenance are two major phases of this protocol. At the time when node wants to 

send message, it check its route cache for searching the availability of unexpired route up to the 

destination from that node. If route is found than node start transmission of packet else start the route 

discovery process for searching new route in between source and destination node. Each route request 

packet carries the source node address, a new sequence number and the destination node id. The entire 

node that receiving route request packet checks the sequence number and rebroadcast that packet to it 

neighbors if it has not forwarded it already or that node is not the destination node after adding its 

address information in packet.  

The advantage of this protocol is that it provide on-demand routing path and does not require periodic 

packet that are used by a node to inform its presence to its neighbors. The control overhead is reduced 

by using the information efficiently from route cache by node to access the route for packet 

transmission that are already discovered but  In this protocol path length effect the routing overhead 

and broken links in network does not repair locally at route maintenance process. This is the main 

limitation of this protocol that makes it unsuitable for large high mobility network [18,19].  

2.3 Ad-hoc On-Demand Distance Vector (AODV) 

This protocol combines some property of both DSR and DSDV routing protocols with significant 

differences. In AODV when a node sends a packet to the destination then data packets only contains 

destination address. On the other hand in DSR when a node sends a packet to the destination the full 

routing information is carried by data packets which causes more routing overhead than AODV. The 

AODV establishes a route when a node requires sending data packets i.e. on-demand.  For finding 

path from source to destination node in AODV algorithm the source node sends a route request packet 

to its neighbors and this process is repeat till the destination node path is not found. The sequence 

number of packet is check at every intermediate node to produce a loop free path. If a node finds that 

number in its routing table than node discard the route request packet otherwise store record in its 

table. It has the ability of unicast & multicast routing and uses routing tables for maintaining route 

information. It doesn’t need to maintain routes to nodes that are not communicating. AODV use only 

symmetric links between neighboring nodes because the route reply packet follow the reverse path of 

the route request packet. If one of the intermediate node realize path broken than it send information 

to its upstream neighbor and this process is execute until source node not get this message and after it 

again source node transmit the route request packet to neighbors node for finding new path.   

The AODV has the advantage of establishing on-demand route in between source and destination 

node with the lower delay in connection setup and does not require much memory for communication 

but there are several disadvantage with this protocol like if the source node sequence number is very 

old than the intermediate nodes can lead to route inconsistency. Heavy control overhead if there has 

multiple route reply packets for a single route request packet. It consumes extra bandwidth because of 

periodic beaconing. 

III. RELATED WORK 
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Many of the researchers evaluate the performance of routing protocol like AODV, DSDV and DSR in 

the VANET environment using different evaluation methods means on the basis of different 

performance metric or using different simulators for this purpose. In [20, 21] routing protocol 

AODV,DSDV and DSR performance analyze in highway scenario on the basis of vehicle speed and 

the density of traffic. Novel multipath routing approaches for urban area present [22] that perform 

better in path discovery with low overhead. In the same fashion protocol AODV, FSR, DSR and 

TORA performance analyzed in VANET environment [23].   The existing protocol that are non-

multipath performance compare with the multipath proposed protocol performance [24] at the basic of 

PDR, throughput and E2E delay performance metric. Result shows that proposed method produce 

satisfactory results in comparison of other. By using CBR traffic three routing protocol AODV, DSR 

and ADV analyze at the basis of performance metric of throughput, average packet latency [25].  The 

AODV protocol performs better in comparison of DSDV and TORA routing protocol shows in the 

simulation work results [26]. The performance of AODV, DSDV, DSR, and TORA evaluated at the 

basis of E2E delay and PDR performance metric. For this work they used Maryland Routing 

Simulator [27]. The different simulators are also used to perform the analysis of routing protocols. 

[28] The NCTUns 4.0 simulator use to compared the performance of AODV, DSDV and DSR routing 

protocol and in the same fashion of work MOVE ans NS-2 simulator used to analyzed performance of 

AODV, OLSR and DSR routing protocol on basis of PDR and end to end delay [29]. 

IV. SIMULATION SETUP AND PERFORMANCE METRICS 

4.1 Simulation Tool & Parameters 

There are many network simulators available in the market but the most frequently used are OPNET, 

Qualnet, and NS2. OPNET and Qualnet both also best network simulators, but these are not opens 

source tools and having the more cost for purchasing for such kinds of education studies. Hence the 

best choice is to use the NS2 simulator which is completely free and open source tool for all kinds of 

network simulations and researches. There are many versions of NS2 available ranging from ns-2.26 

to ns-2.34. 

 In our simulation work to evaluate the performance of original AODV, DSDV and DSR routing 

protocol we use the open network simulator NS-2 in its version 2.29.3. Nodes follow a random 

waypoint mobility model, traveling at a variety of speeds over a 1000 x 1000 meters area for 600 

seconds of simulated time. We used same scenario for all protocols because of unique behavior of 

each protocol to produce the output. The simulation parameters are summarized in Table 1 

Table 1 Simulation Parameters 

Network Simulator NS-2, 2.29.3 version  

Number of Nodes 5, 10, 20, 40, 75 

Network Size 1000 x 1000 

Mobility Model Random Way point (RWP) 

Channel Type Wireless Channel 

Antenna Type Omnidirectional 

Pause Time 2.0s 

Transmission Packet Rate 

Time 

10 m/s 

Max Speed 10 m/s 

Simulation Time 600s 

Routing Protocol  AODV,DSDV and DSR 

4.2 Performance Metric  

There are several performances metric at which routing protocols can be evaluated for network 

simulation [30]. We use the performance metrics in our simulation purpose are: Packet delivery ratio, 

Throughput and End to End delay. 
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Packet Delivery Ratio: It is calculated by dividing the number of packets received at the destination 

node by the total packets sends by the source node.  It specifies the packet loss rate, which limits the 

maximum throughput of the network and the delivery ratio performance. The high packet delivery 

ratio presents better performance of a protocol. 

Throughput: The throughput of the protocols can be defined as percentage of the packets received by 

the destination among the packets sent by the source. It is the amount of data per time unit that is 

delivered from one node to another via a communication link. The throughput is measured in bits per 

second. This metric show the total number of packets that have been successfully delivered to the 

destination nodes and throughput improves with increasing nodes density. 

End to End delay: The total time for transmitting a packet from source to the destination node is 

known as end to end delay. The delay performance metric include the delays due to route discovery, 

packet propagation and sending time and the time of packet in queue [31]. 

V. SIMULATION RESULTS 

Following graphs show the performance in cluster based VANET environment with varying the 

number of mobile nodes in terms of throughput, end to end delay and packet delivery ratio. 

Figure 2 shows throughput of all three AODV, DSDV and DSR routing protocol in the cluster based 

VANET environment in which mobile node increases. It is observed that DSDV protocol is suitable 

in low mobility environment and the DSR protocol also shows better result in comparison of AODV 

protocol in this environments but as the size increases AODV protocol change drastically and show its 

suitability for routing in that large environments in comparison of other two routing protocol.  

 

Fig. 2 Throughput Analysis 

Figure 3 shows end to end delay results of our simulated routing protocol. It is observed that AODV 

produce higher delay in the small network in comparison of other two DSDV and DSR routing 

protocol. DSR protocol show the consistency in the low delay performance comparatively while 

DSDV is produce higher delay as the size of cluster is increased.  

 

Fig. 3 End to End Delay Analysis 
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Figure 4 shows the analysis of packet delivery fraction ratio of AODV, DSDV and DSR protocol. It is 

observed that AODV protocol perform well in the large network as DSR which shows better 

performance in comparison of these two protocols in the small network while DSDV is not suitable in 

both environments comparatively.  

 

Fig. 4 Packet Delivery Fraction Ratio 

VI. CONCLUSIONS   

The performance evaluation is necessary for analyzing the shortcoming of existing approaches and 

making the requirement with more applicable design for VANET.  This paper compares the routing 

protocols AODV, DSDV and DSR performance in the cluster base VANET environment with 

increases the mobile node in the cluster for making high traffic scenario. Finding indicates that from 

these any single protocol is not suitable for efficient routing in different environment. DSR protocol is 

more applicable in small size of cluster but as size of the cluster increased AODV protocol shows 

drastic changes in its performance and more applicable while DSDV evaluation results are not 

desirable in comparison with other two reactive routing protocols.   

In the area of VANET research, there is always scope for further works; here for future work we can 

suggest energy aware approach for routing. For wireless networks, energy is always vital resource, so 

we have to add mechanism to minimize the energy consumption as well to present study.  
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ABSTRACT 

In this paper the ringo, comprising of various nodes has been demonstrated and signal is analyzed as it passes 

through the various nodes in the network with the help of optsim simulation tool. It is seen that Q factor 

increases as signal passes through various successive nodes in the ring network. When the whole ring structure 

is iterated with the help of iterative component called spans, then also improvement in Q factor is seen. Various 

other measures of increasing the quality factor of signal are studied and analyzed. Effect of other network 

element parameters like fiber length, on the various nodes is done and the optical spectrum of the signal is seen 

at every node to have the assessment of add and drop frequencies in the ringo network. 

KEYWORD: Ringo network, Add drop multiplexer, Quality factor, Optical spectrum 

I. INTRODUCTION   

Metropolitan networks have been attracting much attention as they impose a bandwidth bottleneck 

between the local access networks and the backbone. The deployed circuit-switched SONET/SDH 

rings are relatively inefficient for dynamic traffic, and although several approaches to adapt circuit-

switched techniques to data traffic are in the standardization stage, many efforts are oriented to the 

design of packet-switched techniques combined with WDM to increase the bandwidth [1,2]. Optical 

switching and repeating devices have been developed for the optical processing to overcome the 

electronic speed bottleneck in the networks. Photonic packet switching devices are expected to play 

one of the major roles in the development of the new generation networks. Since the optical devices 

and the technology using tremendous transmission bandwidth of a single mode fiber were introduced 

for telecommunications applications, studies on the architecture and the protocol for the all-optical 

networks have been a major concern. Among them, ring topology optical networks are of great 

interest [3,4]. Tsong-Ho Wu et al. studied a self- healing ring (SHR) SONET for survival interoffice 

fiber networks [5]. W.I. Way et al. proposed a self-routing WDM SONET ring network with a 

dynamic control mechanism using optical power limiting amplifiers [6]. These ring architectures, 

however have shortcomings, a limit on the number of nodes in the network. It is difficult to increase 

the number of nodes M, in the ring since the network needs M wavelength channels and each node 

needs M - 1 receiver to accept dropped optical signals from the ring.       

The RINGO (ring optical network) metro network is a unidirectional fiber ring network comprises N 

nodes where N equals the number of wavelengths as shown in fig 1.1. Each node is equipped with an 

array of fixed–tuned transmitters and one fixed–tuned receiver operating on a given wavelength that 

identifies the node. Node j drops wavelength j from the ring. Thus, in order to communicate with node 

j, a given node i have to transmit data by using the laser operating on wavelength j. All wavelengths 

are slotted with the slot length equal to the transmission time of a fixed size data packet plus guard 

time. Each node checks the state of the wavelength occupation on a slot by slot basis avoiding 

collisions by means of a multichannel generalization of the empty slot approach (in the empty slot 
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approach one bit at the beginning of each slot indicates the state of the corresponding slot i.e. whether 

the slot is free or occupied ). This access mechanism gives priority to in transit traffic by allowing a 

monitoring node to use only empty slots. 

 
Figure 1.1: Ring metro WDM network. 

Till now work is done on experimentally studying the feasibility of a WDM optical packet network 

based on a ring topology but very less work has been carried out to simulate the design to that the 

optimization can be done by avoiding the hardware costs involved. Effect of various network element 

parameters like changing the length of the fiber, effect of various filters on the optical signal to noise 

ratio are not analyzed properly, till now no optimization is done in this regard. All these measures 

have been taken in this paper, to have the assessment of signal evolution, as it passes through the 

various nodes in the optical ring networks. 

The paper is divided into three sections. In the first section the basic ring optical network structure is 

being discussed. Second section includes the simulation set up for ring optical network, performance 

of ringo network is analyzed here. Third section gives the conclusion for the dependence of quality 

factor of signal on various parameters at every node in the ring. 

II. SIMULATION SETUP 

Ring networks can be used to provide a cost effective and an easily implement able way of achieving 

India’s goals of becoming an IT superpower. The coverage of metro area network is possible as ring 

topology as main backbone among metropolitan cities. Here in this paper, the analysis of the ring 

optical network is done by taking 4 nodes. The signal is analyzed as it passes through each node in the 

ring optical network. 

Set up in fig 1.2 illustrates how to simulate a ringo configuration with an unrolled equivalent 

configuration using the iteration feature. Simulation is done with the one of the standard simulation 

tool used in optics field i.e. OPTSIM 
tm

4.0 by Rsoft Design Ltd A very low noise feeds an Iterate 

block and each span represents a loop cycle. Four spans are used here to have the assessment of the 

ring optical network. By increasing the number of iterations it is possible to improve the simulation 

accuracy. Four nodes compose the ring and at each node a channel is added and another channel is 

dropped. The analysis of results is made by mean of measurement blocks inserted in the iterated 

block. In this way it is possible to analyze the signal evolution (Spectra, Eye Diagrams) at each round 

of the loop. The latest iteration represents the most accurate evaluation of the "steady-state" signal.  

The analysis of ring optical network is done by taking 4 nodes. The node is followed by fiber of 

length 50 km and splitter. To each node is attached an electrical scope to analyze the signal in terms 

of Q factor and jitter. Further the node is composed of nrz_tx, receiver and an OADM (optical add 

drop mux). At the four nodes the used frequencies are f1, f2, f3, f4. We have assumed that all these 

frequencies are used in circular fashion in the ring i.e. at the node 1 the frequency f1 is added and 

frequency f4 is dropped. At the node 2 the frequency f2 is added and frequency f1 is dropped and so 

on, means that at the node n wavelength λ
n
 is inserted and previous node wavelength λ 

n-1
 is dropped. 

Simulation of the ringo optical network is done with the centre frequency of 193.4 THz and the 

reference bit rate of 10 GB/s. 
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Each node is further composed of OADM (optical add drop multiplexer), one transmitter source and 

one receiver source.  Non return to zero transmitter is used here. The analysis of results is made by 

mean of measurement blocks inserted in the iterate block. The used frequencies in the ring optical 

network at the various nodes are like this, frequency f1 is equal to 193.35 THz, frequency f2 is 193.4 

and further so on with the difference of .5 THz 

 
Figure 1.2: Set up for ring optical network 

 

III. RESULTS AND DISCUSSION  

The results are in the form of eye diagrams from which various signal evolution parameters can be 

calculated. The eye diagram as shown in figure 1.3 gives the signal at node 1 captured in the first 

span. 
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Figure 1.3: Eye diagram for Node 1 

At the node 1 the jitter is 0.014406 ns and average eye opening is 1.66035e-015. The BER is 

0.0227501 and the Q value is 6.020600 dB. Since the impact of low noise source is predominant so 

these metrics are not yet sufficient for analysis of signal evolution. The simulation bandwidth is from 

1549.11488438 nm to 1551.11865477 nm. 

The eye diagram shown in figure 1.4 gives the signal at node 2 captured in the first span.  

 

Figure 1.4: Eye diagram for Node 2 

At the node 2 the jitter is 0.0240403 ns and average eye opening is 1.20984e-005. The BER is 1e-040 

and the Q value is 30.359835 dB. It is seen that there is high rise in quality factor of the signal 

captured in the first span. This is due to the fact that effect of noise in more on the starting number of 

users. 

 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

132 Vol. 4, Issue 2, pp. 128-137  

 

 
Figure 1.5 Eye diagram for Node 3 

 

 

 
Figure 1.6 Eye diagram at Node 4 

There is an improvement in jitter showing improvement in signal in figure 1.6. At the node 3 the jitter 

is 0.0238927 ns and average eye opening is 1.20706 e-005. The BER is 1e-040 and the Q value is 

31.297732 dB. At the node 2 Q factor is 30.35, but here at the node 3 it has risen to the value of 31.29, 

depicting further increase in Q factor. Thus as the signal passes through the successive nodes 

improvement in quality factor is seen. 

At the node 4 the jitter is 0.02405 ns and average eye opening is 1.2062 e-005. The BER is 1e-040 

and the Q value is 32.454378 dB as depicted in figure 1.6. 

The analysis of results is made by mean of measurement blocks inserted in the iterated block. Clear 

observation can be made from the graphs shown in figures 1.3-1.6, that as the signal passes through 

every node improvement in quality factor is seen. The latest iteration represents the most accurate 

evaluation of the "steady-state" signal. Also with iteration feature improvement in quality factor is 

seen as illustrated in figure 1.7. As is evident from the diagram as the ring optical structure keeps on 

iterating, its quality factor is also improving. With every span improvement in quality factor is seen. 
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Figure 1.7 Q factor vs. Node      . 

 
Figure 1.8: Q factor vs. Span number 

At every OADM i.e. optical add drop multiplexer, one frequency is dropped and other added [10]. 

This is clear from the optical spectrum taken at every node. As shown in figure 1.13, at the node 1 the 

frequency f1 193.35 is added and the frequency f4 193.5 is dropped. It is assumed that all these 

frequencies are used in circular fashion in the ring, at the node n wavelength λ
n
 is inserted and 

previous node wavelength λ 
n-1

 is dropped. Here at the node 2 the frequency f2 193.4 is added and the 

frequency f1 i.e. 193.35 is dropped as shown in figure 1.9. 

 
Figure 1.9 Optical Spectrum at node 1 before and after transmission 
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Figure 1.10: Optical Spectrum at node 2 before and after transmission 

 
             Figure 1.11: Optical Spectrum at node 3 before and after transmission 

Similarly at the node 3 the frequency f3 is added and the frequency f2 is dropped. Now at the node 4 

the frequency f4 is added and the frequency f3 is dropped. If we want to increase the number of nodes 

in the network, the circle goes so on i.e. add the frequency f
n 
at the node n and drop the frequency f

n-1 

of the previous node. 

 
Figure 1.12: optical spectrum at node 4 before and after transmission 

It is observed that if we keep on increasing the signal input power, improvement in received optical 

power is observed.[12] As the input power increases, the output power also increases for all the users. 

The power penalty goes on increasing with increase in the signal input power. At low value of signal 
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input power i.e. -20 dBm or below, the effect of amplified spontaneous emission (ASE) noise power 

is quite high [15], therefore the quality of signal goes on decreasing. At high value of signal input 

power -10 dBm or above, the gain fluctuation occurs at high rate. 

 
Figure 1.13: Received Power at different Input Powers 

Therefore gain drops hence causes power penalty. The power value should neither so high nor so less 

because with high power, the degradation in performance through self phase modulation can occur. 

On the other hand, too little power results in not enough gain.  

For the low signal input power of -40 dBm, the received power is very less. But as input power keeps 

on increasing the up to 0 dBm, the received power also increases. Hence it can support more number 

of users by increasing the signal input power up to a certain range. This is because with the increase in 

input power, the output received power also increases. By increasing the input power from -5 dBm to 

0 dBm and onwards, input power increases in excess and saturation comes thus gain starts decreasing 

and the gain of the amplifier reduces. This effect is known as gain saturation [16].This decrease in 

gain further decreases the quality of the signal. But input power can’t be increased to a high value as 

device structure imposes a limit on the maximum high input power.  

              

 
Figure 1.14: Q factor variation for various lengths 

In the long-distance network, the majority of embedded fiber is standard single-mode (G.652) with 

high dispersion in the 1550-nm window, which limits the distance for transmission. Dispersion can be 

mitigated to some extent and at some cost using dispersion compensators. Non-zero dispersion-shifted 

fiber can be deployed for transport but higher optical power introduces nonlinear effects. In the short-

haul network, PMD and nonlinear effects are not so critical as they are in long haul systems, where in 

higher speeds (OC-192 and higher) are more common. First we simulate our model taking fiber 

lengths of 50 km and 100 km. Effect of fiber length on Q factor wrt to various spans is not much. But 

as simulation is carried out for the various lengths of fiber in fig 1.14 it is seen that we can increase 
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the fiber length up to maximum 250 km, after that its Q factor keeps on deteriorating. Except for the 

first span, not much improvement in Q factor is seen, but as the fiber length is increased, 

improvement can be seen for fiber length up to a certain range. 

IV. CONCLUSION  

It can be concluded from eye diagrams and jitter values taken at every node that there is no 

appreciable signal degradation in the ring network. It is seen that there is increase in Quality factor i.e. 

signal keeps on improving as it passes through the successive nodes. This is one of the main 

advantages of ringo networks. As signal goes from node 1 to node 2 its quality factor value changes 

from 6.02 to 30.02. When the whole ring structure is iterated with the help of spans, then 

improvement in signal value is seen, as it passes through the various spans. Analysis of the Q factor is 

done taking different length of the fiber. It is seen that there is no appreciable signal degradation till 

the length of fiber is increased up to 250 km. But after that decrease in quality factor can be seen.  

For the low signal input power of -40 dBm, the received power is very less. But as input power keeps 

on increasing the up to 0 dBm, the received power also increases. Hence it can support more number 

of users by increasing the signal input power. This is because with the increase in input power, the 

output received power also increases. By increasing the input power from -5 dBm to 0 dBm and 

onwards, input power increases in excess and saturation comes thus gain starts decreasing and the 

gain of the amplifier reduces. Optical spectrum of the signal is seen at every node, to have the 

assessment of the add and the drop frequencies in the ring. Thus complete analysis of the ring optical 

network is done here which proves to be beneficial for the deployment of ring as the main backbone 

in our present infrastructure. 
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ABSTRACT 

The 4G network is a heterogeneous network, supports wireless access (WiFi, WiMAX, Bluetooth), cellular 

networks (GSM, CDMA, GPRS, UMTS), WSN, MANET and other earlier generation networks (PSTN, ISDN) 

etc. In 4G each network has different characteristics with multi traffic classes to provide QoS. To manage the 

multiple traffic classes 4G network will need to support QoS provisioning and full mobility. In this paper we 

propose a scheme using queueing model M/G/1 for multiple traffic class management for better QoS. The 

objective of this paper is to minimize the delay and maximize the throughput using M/G/1 queueing model. This 

model uses the network state like traffic arrival and service rates, compute the end-to-end QoS parameter 

statistics like delay and throughput of traffic flow through each available network. Multi-mode mobile Terminal 

(MT) manages the multi-class traffic by using multiple queues for multiple services. Each queue has packet 

arrival rate, service rate, utilization and delay as prioritized traffic high to low priorities. Higher priority will 

be scheduled first for better QoS in 4G. 

KEYWORDS: QoS, MT, 4G, M/G/1, PQ  

I. INTRODUCTION 

Last few years there are many changes in mobile computing and different types of networks are 

implemented. Now a day’s mobile computing are one of the best research areas. In different network 

many devices are known as node. Here a mobile node or mobile terminal introduced in 4G network. 

4G mobile node is a multimode mobile terminal (MT) in [2] can have the access of different network 

in 4G. If it is in ad-hoc network it can route the packets to its neighbor node. If it is in wireless sensor 

node it sends packets as sensor node until sink node not found. In case of cellular network, it works as 

subscriber station (SS) and so on. 4G as heterogeneous network MT can access all the networks. 

In a 4G network environment, there is a wide range of QoS parameters. As a rule of thumb, key 

parameters are packet delay or latency, bandwidth, packet jitter, and packet loss. However, how to 

provide QoS for the multiclass traffic in the 4G network environment is not as easy task. Mobile 

communication today has providing varying levels of coverage and QoS[12]. 

In this work the queueing model is used to manage the delay in 4G network. There is a classifier and 

scheduler for MT. Classifier keeps the packet in different queue as per packet type of traffic class. 

Different queue has different priorities in MT. The scheduler has to decide which packet should be 

served first. Higher priority packets are served first then its next lower priority packets are served and 

so on. Multi-mode terminal is the mobile user having a multi mode MT can access the Internet 

services through cellular base stations (BSs), WMAN BSs, or WLAN access points (APs), and will 

also be able to support peer-to-peer communication with others using MANET connectivity. The 4G 

architecture with overlapping networks in the hotspot areas using different wireless technologies, and 

these different wireless networks are connected to the common Internet Protocol (IP) backbone. In a 

4G, the basic components include MTs, BSs/APs and their access networks, and the core IP network 

(IP backbone). 
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In this paper, an analytical model for implementing Priority Queueing (PQ) in a 4G node to calculate 

the queueing delay is presented. The model is based on M/D/1 queueing system (a special class of 

M/G/1 queueing systems). There arefive different traffic classes are considered as supported in 4G 

network. The exact packet delay for corresponding classes is also calculated. Here it is proposed that 

different queues for the different types of traffic with classifier and scheduler. All classes can use the 

bandwidth each other. This is one of the ways to get for cost and end-to-end constraints. This work is 

focused on discovering a least cost, delay constrained path for real time data. 

In this work five traffic classes are taken. These are listed below. 

(1) Unsolicited Grant Service (UGS) as class C1 

(2) Real-Time Packet Services (RTPS) as class C2 

(3) Extended Real Time Packet Services (ERTPS) as class C3 

(4) Non-Real Time Packet Services (NRTPS) as class C4 

(5) Best Effort (BE) as class C5 

II. RELATED WORK 

Among research areas 4G network is one of the most best research area to make differentiate and 

valuable. Multiple classes of traffic that have different time constraints where no user can feel it. Due 

to advance in research a new paradigm in telecoms systems known as the Next Generation Network 

(NGN) is emerging. A clear and fixed definition of NGN is yet to be developed, but there’s universal 

consensus that it will comprise the following [3]: 

(1) A layered architecture, consisting of functionally differentiated planes, namely the Transport 

plane, the Control plane, the Application plane, and the Management plane. 

(2) Open and standardized interfaces to facilitate interworking of systems across the planes.  

Bellow shown the 4G heterogeneous network where different networks with MT(multimode mobile 

terminal)are working in single frame work . Here the performance of packet scheduler of queueing 

model for multi-class traffic in a multi-mode mobile terminal(MT) is considered. In a 4G network, the 

mobile terminal (MT) may be equipped with multiple wireless network interfaces so that the 

integrated heterogeneous environment allows a user to access a particular network, depending on the 

specific application needs and types of available radio access networks in [2]. 

The architecture of 4G heterogeneous network is shown in figure-1 

 
Figure 1.  4G Heterogeneous networks architecture 

2.1 Plane Description 

Some description in [3] about the different plane 

2.1.1. Transport plane: 

The Transport plane (or the Data/User plane) is responsible for the transfer of user traffic across the 

network.  The router decides what to do with packets arriving on an inbound interface. It says roughly 

about the routing control plane. 

2.1.2. Control plane: 

The Control plane is responsible for the control of bearer capabilities in the data plane through 

signaling and also the facilitation of interworking between systems. It define certain packets to be 
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discarded, or certain packets for which a high QoS is defined by such mechanisms as differentiated 

services 

2.1.3. Application plane: 

In this plane many operation are handled as service creation and deployment. This plane provides an 

infrastructure for the provision and management of services, and defines standard interfaces to 

common functionality 

2.1.4. Management plane: 

The Management plane performs such tasks as QoS provisioning, security, and network management. 

The Management plane will be distributed (not localized) and cross layered. Management plane has 

ultimate control over all transport plane and control plane entities 

2.1.5. Access: 

The Transport plane moves data packets across the access, the edge, and the core networks. The 

access network will be a heterogeneous network with various wireless and wireline technologies 

operating in concert to provide service to the user. A wireless access network will typically consist of 

mobile terminals, a wireless access point, and an access router. 

2.1.6. Edge: 

The edge network will be a system of routers that manage ingress into the core network through 

admission control and QoS provisioning.  

2.1.7. Core: 

The core network will be a high-speed optical switching and transport system. The entire data plane 

will be packet switched. 

The layered architecture of 4G network is shown in figure -2 

 

Figure 2.  Layered architecture of 4G network 

III. QUEUEING MODEL 

First In First Out (FIFO) is the traditional queueing algorithm used in several topologies that requires 

no configuration. FIFO queueing has no decision power about packet priority. FIFO queueing keeps 

packets and schedule them according to their arrival. The explosion sources can cause extended 

delays in scheduling real time traffic, and potentially to network control and signalling messages. 

FIFO queueing system was an effective network traffic controller before, but now advance networks 

require more sophisticated algorithms. In case of overflow situation the dropping packets; even be a 

higher-priority packet. FIFO cannot differentiate among from high-priority to low-priority packet. To 

the requirement of 4G we need priority queue implementation. 
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3.1. Priority Queueing 

Here implementation of priority queueing model is required. To eradicate the demerits of traditional 

FIFO system, discipline, priority queueing (PQ) is suggested to meet the desired QoS for real time 

traffic. In this work, five queues in a 4G node are considered, class1, class2, class3, class4 and class5 

for respective traffic class. All classes are arranged in higher to lower priority order. Here, strict 

priority logic is used in the scheduler, means first always serves highest-priority queue. If higher 

priority queue is empty, it comes to its next lower priority queue and it will serve the low-priority 

queue. Here the scheduler of the 4G node is serving different output queues simultaneously, and 

behaves like a multiple queues/single server system. Here we exploit M/G/1 queueing system to build 

a queueing model for a 4G node which is behaving like multiple queues/single server system. Before 

discussing about the different type of queueing notations some assumptions should be taken. The 

packets that are related to high-priority queue one (Q1) to low-priority queue five (Q5) are called 

Class-1 (C1) to Class-5 (C5) packets with the average length of L1 to L5, respectively. C1 to C5 

packets are coming according to Poisson process with arrival rate 1 to 5 respectively. 4G network is a 

set of networks like MANET, Ad-hoc, WLAN, Satellite, Cellular etc. Let 5 traffic classes for 4G QoS 

of each network (VoIP, Streaming Audio/Video, VoIP (VoIP with Activity Detection, FTP, Data 

transfer, Web Browsing).For each network traffic there are 5 queues. Let Q1,Q2, …Q5 queues of 

class C1,C2, …,C5 respectively. Let L1,L2…L5 are the length of 5 queue respectively. Let λ1, λ2, … 

λ5 are the arrival rate of packets. Let µ1,µ2 ,..., µ5 are the service rate of packets. 

3.2. Priority Queue Q1 (Packets C1) 

At the beginning first we start higher priority queue Q1; we assume that the average service 

requirement for traffic class C1 packet is E[S1]=1/µ1. The second moment of service requirement for 

traffic class C1 packet is E[S1
2
]. Here, the main objective is to finding the queueing delay for all 

higher priority class C1 packets. A packet is selected randomly in [1] and explained its arrival time 

using the PASTA property of Poisson arrival streams. Here, the queueing delay is defined as the 

expected waiting time E[W1] in queue Q1 for traffic class C1 packet before its being serviced. 

According to priority scheduler logic, the expected waiting time of higher priority class C1 packet 

consists of two points 

(1) TR : Those packets already in service and needs remaining service time to get service. 

(2) T1:The time needs to serve all the packets with the same priority (C1) that are already present in 

the system at the arrival of this new randomly selected packet. 

The expected waiting time can be written as form of equation: 

E[W1] = E[TR] + E[T1]       ....(Eq-1) 

E[TR] is the remaining expected time for a packet those already in service at the time scheduler is 

busy. The probability of scheduler (server) is busy is known as ρ(rho) or utilization. A packet of C1 is 

in service with probability ρ1 = λ1E[S1] , is the utilization of class one(C1) packets. Though packet 

arrival time is random selection, the remaining service time can be viewed as that obtained for generic 

random variables S [8]. Thus, the remaining processing time of a C1 packet is equal to E[S1
2
]/2E[S1]. 

However, because at the arrival time of the randomly selected packet, the class (either C1 or C2) which 

is already being served is unknown, the final equation should be modified to: 

                                         E[TR] = 
22

1

[ ]

2 [ ]

k
k

k k

E S

E S
ρ

=

∑                           ....(Eq-2) 

The second term in equation (Eq-1), E[T1] is the expected total time to serve all C1 packets that are 

already waiting in Q1 upon arrival of the randomly selected packet. Assume that the expected number 

of packets already waiting in queue one is E[N1] . Due to the PASTA property and little’s Law, on 

average there are E[N1]=λ1E[W1] class 1 (C1) packets upon arrival of this randomly selected packet 

[7]. Since the packets already waiting in Q1 each requires on average service time on, E[T1] can be 

written as: 

E[T1] = E[N1]/µ1= λ1E[W1]/µ1        ...( Eq-3) 

If we are substituting in Eq-1 for E[TR] and E[T1] then E[W1] can be calculated as follows A very 

similar expression has been given in [11] for M/G/1 with priority as well: 
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                                                  E[W1]= 

22
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ρ
=

−

∑
 

.          ...( Eq-4) 

According to the deterministic probability service time of scheduler of a 4G node is applied. The 

scheduler in the 4G node needs time units to serve a Ck packet with the transmission rate of R , and 

the average service requirement for a Ck packet is , the second moment of service requirement of a Ck 

packet can be expressed as follows: 

E[Sk
2
] =Var[Sk] + (E[Sk])      ....( Eq-5) 

In our approach, because the scheduler is having a fixed service time to serve its packets and hence 

functioning similar to a M/D/1 queueing system, the service time would be deterministic with zero 

variance, i.e., Var[Sk]=0 [1]. Thus, Eq-5 can be simplified as: E[Sk
2
] =(E[Sk])

2
 = (Lk/R )

2
 Based on the 

above assumption, the remaining service time of a C1 packet will be L1/2R on average with the 

probability of ρ1 when a C1 packet is in service. However, since upon arrival of the randomly selected 

packet, it is not clear which packet (either C1 or C2) is in service, Eq-4 is modified as:  

                                E[W1] = 

2

1

1

2

1

k
k

k

L

R
ρ

ρ
=

−

∑
=

1 2
1 2

1

2 2

1

L L

R R
ρ ρ

ρ

+

−
                                                

…(Eq-6) 

 Where ρ1 and ρ2 are the utilizations caused by C1 or C2 packets with average lengths of 

L1and L2 , respectively. 

3.3.  Priority Queue Q2 (Packets C2) 

This the priority queue which should be scheduled after the 1st higher traffic class C1.We obtain the 

expected waiting time for a randomly selected C2 packet arriving to the priority queue Q2 by 

analyzing the events that constitute this delay. The total work of the system is defined as the (random) 

sum of all service times at any time that will be required by the packets in the system at that instant. 

The waiting time of a C2 packet (which is the low priority queue) can be written as in [10], 

 E[W2] = E[X1] + E[X2] + E[X3] + ... ....(Eq-7) 

 

Figure 3.  Waiting time of C2 

Where E[X1] is the expected total work seen by the arriving C2 packet in Q1 and Q2, plus the rest work 

needed to finish the service of a packet, which is already in service (if any). 

 E[X1] can be written as  

E[X1] = E[TR] + E[T2]        ....( Eq-8) 

E[TR] which can be calculated in the same way, as we have calculated for Q1 and E[T2]is the time 

needed to serve all the packets of the higher priority class C1, and equal priority class C2 upon the 

arrival of the randomly selected C2 packet is related to the number of packets per class in the both 

queues (Q1 and Q2) upon arrival of the C2 packet. Referring to the PASTA property and the Little’s 
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law, there are E[Nk] = λkE[Wk] of Ck packets on average upon arrival of a new C2 packet. Since each 

requires service time on average, E[T2] can be calculated as follows. 

E[T2]= 
2

1

[ ]
k

k k

E N

µ=

=∑
2 2

1 1

[ ]
[ ]k k

k k

k k

E W
E W

λ
ρ

µ=

=∑ ∑  

By putting the values of E[TR] and E[T2], we can write equation (8) as follows: 

E[X1] =
2

1 1 2 2

1

[ ] [ ]
2

k
k

L
E W E W

R
ρ ρ ρ+∑  

Now, E[X2] is the expected amount of work associated with higher priority C1 packets arriving during 

E[X1], E[X3] is the expected amount of work associated with C1 packets arriving during E[X2] and so 

on. Figure-3 showing the waiting time of an arriving packet of C2 is in fact given by the total 

workload building in front of it. In figure-3 arrows denote the arrival times of C1 packets, and 

all the oblique lines shown with 45
o
 angle with the time axis. In this figure-3 the expected 

waiting time is E[W2] = E[X1]+E[X2]+E[X3]+E[X4]. For example: Let Mj denote the number 

of type j arrivals over Xi, j=1,2 then W2 = X1 + S
M

1 + S
M

2+ ...  , where S
M

j denotes the 

random sum of Mj independent service times of C1 packets. Then, E[W2] = E[X1] + 

E[S1]E[M1] + E[S1]E[M2] + … Since the service times and the arrival process are 

independent. For a stationary packet arrival process, this can be E[Mj] = E[E[Mj|Xj]] = E[c1Xj ] 

= c1E[Xj]. 

Due to mentioned in dependence, where c1 > 0 is a constant particular to the arrival process. That is, 

expectation of the number of arrivals in any period of time is proportional to the length of that period 

because of stationarity in time and linearity of expectation. According to stationary poisson traffic 

input process, higher priority class C1 is the expected number of arrivals per unit time of C1 packet  is 

ρ1E[W1]+ρ2E[W1]. So the expected waiting time can be reduced to 

E[W2] = E[X1]+E[S1]c1E[X1]+ E[S1]c1E[X2] + ...  

= E[X1]+ 1

1

c

µ
(E[X1]+E[X2]+…) 

= E[X1] + 1

1

c

µ
E[W2] 

In other words, during E[W2] time units, the C2 packet has to wait;λ1E[W2] packets of C1 arrive on 

average, each requiring 1/µ1service time. Hence c1 /µ1E[W2] can be written like 

This  
1 2

1

[ ]E Wλ

µ
= ρ1E[W2] 

Substituting all the values in equation, E[W2] can be calculated as follows: 

E[W2] = 

2

1 2

k
k

k

L

R
ρ

=

∑  + ρ1E[W1] +  ρ2E[W2] + ρ1E[W2]  

Bringing E[W2] to one side and by simplifying, then it can be: 
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      ....(Eq-9) 

3.4. Other Queues (Q3, Q4 and Q5) 

In this way waiting time for class C3, C4 and C5 can be calculated. 
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3.4.1.  Class C3(Q3) 

The expected waiting time for traffic class C3 can be calculated as  

                                 E[W3]= 

2
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      …Eq-10 

3.4.2.  Class C4(Q4) 

The expected waiting time for traffic class C4 can also be calculated as  

E[W4]= 

2
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     …Eq-11 

3.4.3.  Class C5(Q5) 

The expected waiting time for traffic class C5 can also be calculated as 

E[W5]= 

2

1 1 2 2 3 3 4 4

1

1 2 3 4 5

[ ] [ ] [ ] [ ]
2

1

k
k

k

L
E W E W E W E W

R
ρ ρ ρ ρ ρ

ρ ρ ρ ρ ρ
=

+ + + +

− − − − −

∑
 

     …Eq-12 

IV. SIMULATION AND PERFORMANCE ANALYSIS 

4.1. Network Setup 

The Simulation for this work is done in matlab programing. Total there are 5 networks are considered 

as an example. Area of all networks are taken in rectangular shape with size [0,0,1000,1000]. As 

heterogeneous networks all different overlapped networks are built inside this area. Area of MANET 

is [300,300,500,500], WiMAX is [400,400,500,500], WiFi [380,10,520,500], LTE is 

[10,500,400,500] and WSN is [10,10,500,500].The network setup figure shown in figure-4 

 

Figure-4: Network Setup 

Each network has different queues with respect to traffic classes. Each queue stores the packets as per 

the classifier. And scheduler schedules the queues according to priority of traffic classes. Queues (like 

Q1, Q2, Q3, Q4 and Q5) are arranged in ordered of traffic Class C1, C2, C3, C4 and C5. 100 nodes 

are generated to operate in this network. For each node, a free space propagation channel model is 
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assumed with the transmission speed of different as per different network; with queue length size is 

40 packet capacities as their buffer sizes. 

4.2.  Results 

Simulation Parameters are arrival rate, service rate , queue length, rate of transmission, throughput 

and delay. In table-1 the simulation output for Utilization vs Delay is shown. Here when the 

utilization is 2.5 % at that time expected delay will be for class C1=0.1047 micro second(ms), 

C2=0.1103 ms ,C3=0.1164 ms ,C4= 0.123 ms and C5=0.1265 ms and when arrival rate is increased 

the utilization is 5% at that time expected delay will be 0.2127 , 0.2366 , 0.2648 , 0.2983 and 0.3172 

for C1,C2, C3, C4 and C5 respectively. Like this also when utilization is 22% at that time the 

respective delays are 1.1646 ms , 2.1214 ms , 5.0788 ms, 28.4516 ms and 46.9596 ms and so on. Here 

total traffics are classified and packets are distributed to different queues. 

Table-1: Expected Delay for different traffic classes 

Throughput (%) W1 W2 W3 W4 W5 

2.55 0.1047 0.1103 0.1164 0.123 0.1265 

5.05 0.2127 0.2366 0.2648 0.2983 0.3172 

7.55 0.3267 0.3848 0.4599 0.5594 0.6199 

10.05 0.4469 0.5593 0.7203 0.9624 1.1241 

12.55 0.574 0.7664 1.0749 1.6167 2.0242 

15.05 0.7087 1.0138 1.5702 2.7576 3.8004 

17.55 0.8514 1.3119 2.2844 4.9751 7.905 

20.05 1.0031 1.6747 3.3598 10.1644 20.4571 

22.55 1.1646 2.1214 5.0788 28.4516 46.9596 

 

 

 

Figure-5: Utilization vs. Delay 

4.3.  Analysis 

The Table1 shows the differences in delays for Q1 to Q5 for several utilizations of the 4G nodes. Here 

Q5 delays exceed those of Q4 in all position and Q4 exceeds those of Q3 delays and so on. As shown 
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in Figure 5, we can notice the characteristic of priority queue(PQ), as the utilization increases, there is 

a increase in the queueing delay of class 2 ( C2 ) packets. The 1st horizontal axis in Figure 5.2 shows 

the variable of arrival rates in units of utilization, while other shows the range of the variable of delay 

in units of micro seconds. So in the figure -5 the graph shows the change in delays over the arrival 

rates of the packets. As per packet arrival the result of delay is changing. From utilization 2.5% to 

22% the impact of priority queueing implementation in the 4G node increased sharply in the delay for 

queues at higher arrival rate for the numerical and simulation results. 

V. CONCLUSION 

The main objective of this paper to calculate expected delay for multiple traffic classes. This paper 

have presented the closed-form expressions of the expected queueing delay for multiple classes of 

traffic like C1 to C5 in a 4G node through the implementation of priority queueing based on M/G/1 

queueing system. The results have been verified through simulation studies. Provided results are one 

of way to analyze the performance of priority queueing implementation in a 4G node. In this 

technique 5 classes of traffic have different expected waiting time and utilization is shown. Its result is 

finding out the most appropriate queueing scheme for implementation for 4G networks. 

VI. FUTURE WORK 

In our future work we will implement 4G network traffic condition with multiple servers for multi-

class traffics. We will use different types of queueing model and try to find out which queueing model 

provide best QoS under heavy traffic.     
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ABSTRACT 

The Objective of this paper is to describe the comparative analysis of the two different method of 

implementation for Viterbi decoder based on the modified Register Exchange and Trace Back Method. The base 

of the comparison is simulation result. Both the technologies are simulated with Xilinx software9.1i. The 

simulation result in the form of HDL synthesis report, Timing analysis and Power estimation. The Modified 

Register Exchange Method is Simpler than the Trace Back (TB) Method but its disadvantage is that every bit in 

the memory must be read and rewritten for each bit decoded .Using the ‘pointer concept; a pointer is assigned 

to each register with the help of this concept copying the contents of one register to another, the pointers are 

modified. Power dissipation, Performance, memory size is analyzed for both the modified Register Exchange 

method and TB method. The new Register Exchange Method shows an average power reduction of 45 percent. 

The memory is reduced by half.  

KEYWORDS: Hardware description language (HDL), Register Exchange (RE), Viterbi Decoder (VD), Trace 

Back (TB)                        

I. INTRODUCTION 

Code Division Multiple Access (CDMA) spread spectrum technology was introduced in the second 

generation of mobile systems. The Viterbi Decoder (VD) consumes about one third of the power 

dissipation of the CDMA mobile modem [3]. The VD is used to optimal decode convolutional codes. 

In this paper, we are focus on the technique which are beneficial for designing a [4][5]low power VD 

for wireless communication, with the focus on minimizing the number of operations. This paper 

presents a new Modified RE method, which enables it to be Used for large constraint length VD’s, in 

addition to being simpler and lower in power dissipation than the TB method. 

The RE method is based on successive register –exchange operations among states (two origin states 

and two destination states), which construct a butterfly unit as shown in Fig. 3 [l2].The left shifting of 

the current state and appending the decoded bit (the bit that causes the transition) to the LSB of the 

current state, results in the destination state. The TB approach is acceptable for trellises with a large 

number of states. This paper is divided into three sections. First section describes the background of 

the VD and gives the basic introduction of the TB and Modified RE method. The second section 

describes the comparative analysis of both techniques based on the experimental result generated by 

Xilinxbsoftware9.1i.The third section shows the simulation result of Modified RE method and TB 

method. This paper divided into three main sections. First section describes the background of 
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Modified register exchange and Trace back method. Second section describes the comparative 

analysis of Modified RE method & TB method according to the simulation result. Third section 

shows the final results of both the techniques. Fourth section shows the future work of both 

techniques. Final section concludes the whole paper. 

II. BACKGROUND 

In 1967, Viterbi developed the Viterbi Algorithm (VA) as a method to decode convolutional codes 

[6][7]. A simple Convolutional encoder with K=3, rate=1/3, and the generator Polynomials: G0=101, 

G1=l11 and G2=111, has the trellis Diagram shown in Fig. 1. To demonstrate the functionality of the 

VA, a sample input data to the encoder is tracked until it is In Fig. 1, a node is assigned to each state 

for each time stage. Each branch represents the transition between two states; each branch is assigned 

a weight, referred to as a branch metric (BM), which is a measure of the likelihood of the transition, 

given the noise observations. The BM’s accumulated along a path form a path metric (PM). For the 

two branches entering the same state, the branch with the smaller partial PM survives, and the other 

one is discarded. The BM in the simple hard decision demonstrated in Fig. 2 is simply the number of 

bits, in which the received and the expected signals differ. The calculation of the BM’s and the PM’s 

is required for both the TB and the new RE methods.  

2.1. Trace Back  

Basically in the Trace Back Method, a trace back module is placed in the decoder which is connected 

by the ACS unit and RAM Module. The decoding is performed by traversing through the present state 

and the previous state and finding the potential input that have caused that transition from the 

previous state to this present state. 

At the last stage of the trellis diagrams (see Fig. 2), a trace back, to extract the decoded bits, begins 

from the state with the minimum PM. Beginning at state SO and going backwards in time, a unique 

path, shown by the bold line in Fig. 2, is identified. For the TB, if each state from a current time is 

followed backwards through its maximum likelihood path, all of the paths converge at a point 

somewhere previous in time [8]. 

2.2. Modified Register Exchange Method 

The RE method is based on successive register –exchange Operations among states (two origin states 

and two destination states), which construct a butterfly unit as shown in Fig. 3 [l2].to the LSB of the 

current state, results in the destination state. The new algorithm proposed in this study uses the 

‘pointer’ concept. Instead of moving the contents of one register to a second register, the pointer to the 

second register is altered to point to the first register. In the VD, the pointer to the register simply 

carries the current state. For example, if (�����
� + �����

� ) is greater than (�����
	

+ �����
	

) then the 

path from j to p is the survivor path for p. The pointer to register j, which carries the value j, is shifted 

to the left, and the bit, which causes the survivor path transition (in this case ‘O’), is appended to the 

right. Thus, the pointer that carries the value j will carry the value p, thereby pointing to register p; the 

decoded bit is appended to the contents of the register, whose pointer value is changed from j to p. It 

is noted that the register has a fixed physical location; only the value of its pointer changes for 

�����
� + �����

� each code word received. 

In the new method, the path is handled from the origin states’ perspective, unlike the TB method, 

which handles the path from the destination states’ perspective. There can be two survivor paths 

originating from the same origin state and entering both destination states, as is the case in Fig. 4 at 

time t=3, where the survivor path for both S0 and S1 originate from S2.This is not a problem for the 

TB that monitors the path from the Destination states. But for the RE, with a pointer definition, a 

question arises: which of the two paths should be the survivor path, and which path should terminate? 

The answer is a new decision bit the ACSU has to produce. It is called the termination bit. For 

example, if both paths from state j are considered survivor paths for the destination states p and q, 

then the one with the higher BM receives a termination high signal. This indicates that it is 

terminated, and no decision bits are appended to its register anymore. The pointer of j changes to the 

pointer, whose transition contributed to the smaller BM, and the pointer of i changes to the other 
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destination pointer. By time t= l l, three paths terminate, whereas only one survives; this one comes 

the decoded bits in the last stage. Fig. 5 shows the successive values for the pointers and registers over 

the time. The issuing of the additional termination bit for each state seems to overload the ACSU 

conventional operation, but this is not the case. According to the symmetric characteristics of the 

generator polynomials for the VD used in CDMA systems (G0=557 G1=663, G2=711, K=9) [l0] 

���
�,�

, equals ���
�,�

, and ���
	,�

, equal ���
	,�

. By using the reformulation [l3] of the traditional 

ACSU, the comparison of the BM’s, which is used to produce the termination bit, is already included 

in the comparison of the PM’S. In addition, the reformulation presented in [13] has been proven to 

have lower power dissipation. Thus, the new method mainly modifies the SMU. 

 

            

 

 

Figure 1: Trellis diagram for the convolutional encoder 

 

 

Figure 2: Trellis Diagram for Trace Back Method 

 

Figure 3: Butterfly structure of the ACS 
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Figure 4: Register content For Register Exchange Method 

 

Figure 5: Modified RE approach with pointer implementation 

2.3 Viterbi Decoder 

The VD is composed of three functional units 

1. The Branch Metric Unit (BMU), which calculates the BM’s. 

2. The Add Compare Select Unit (ACSU), which adds the BM’s to the corresponding PM’s, 

compares the updated PM’s, and then stores them in the path metric memory (PMM), while storing 

the associated survivor path decisions 

in the survivor memory unit (SMU). 

3. The Survivor Memory Unit (SMU), which stores the survivor path decisions; then a trace-back 

mechanism, is applied to it, in the case of the TB method. 

The SMU is the hottest spot in the VD due to the frequent memory accesses [10]; the ACSU has been 

considered to be the bottleneck for the speed limitations of the VD [11]. But in the intervening four 

years memory access speed has become even more of a bottleneck. This research work focuses on 

modifying the SMU to improve both speed and power dissipation. 

III. COMPARATIVE ANALYSIS OF NEW RE METHOD AND TB METHOD 

3.1. Simulation Result 

In this section we are compared both methods according to simulation result. Simulation result 

contains device utilization summary, timing diagram, memory occupied and power estimation report.  

In the comparative analysis of technique according to simulation result, firstly we compare according 

to the device utilization summary of software result. Secondly, according to timing diagram of both 

the techniques. Third one according to the memory occupied and power estimation of both the 

technique. 

3.1.1. According to the HDL Synthesis Report 

This synthesis report is generated after the compilation of both techniques. This report contains about 

component used and no. of related and unrelated logic. With the help of this report both the 

techniques are being compared. 

Table 1: Device utilization using trace back method 

Logic Utilization Used Available Utilization 

Number used as Flip 

Flops 
97 7,168 1% 
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Number  used as 

Latches 
1   

Number of 4 input 

LUTs 
182 7,168 40% 

Logic Distribution    

Number of   

occupied Slices 
2,395 3,584 66% 

Number of  Slices 

containing only 

related logic 

2,395 2,395 100% 

Number of  Slices 

containing unrelated 

logic 

0 2,395 0% 

Total Number of 4 

inputs LUTs 
3,064 7,168 42% 

 

Table 2: Device utilization using register exchange method 
Logic Utilization Used Available Utilization 

Number of  Slice 

Flip Flops 

1,910 7,168 26% 

Number of 4 input 

LUTs 

2,922 7,168 40% 

Logic Distribution    

Number of   

occupied Slices 

2,395 3,584 66% 

Number of  Slices 

containing only 

related logic 

2,395 2,395 100% 

Number of  Slices 

containing 

unrelated logic 

0 2,395 0% 

Total Number of 4 

inputs LUTs 

3,064 7,168 42% 

 

3.1.2. According to Timing Diagram 

After the synthesis report, the timing diagram generated according to the given input. With the help of 

timing diagram we are calculating the speed grade, Minimum period, Maximum Frequency, 

Maximum output required time after clock. Speed grade shows the internal delay due to this outputs 

are delayed. It shows in the negative form like -4ns.Minimum period means a minimum period for 

precharge all commands. Maximum frequency shows that the difference between the next period and 

previous period. Maximum output required after clock means at how much times of clock the highest 

output get. 

For Trace Back Unit 

• Speed Grade: -4 

• Minimum period: 2.911ns 

• Maximum Frequency: 343.525MH 

• Maximum output required time after clock: 5.953ns 

• Maximum output required time after clock: 35.829ns  

For Modified Register Exchange Method 

• Speed Grade: -4 

• Minimum period: 6.290ns 

• Maximum Frequency: 158.983MHz) 

• Minimum input arrival time before clock: 3.074ns 
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• Maximum output required time after clock: 23.829ns 

3.1.3. According to Memory Occupied and Power Estimation Cost 

The new RE implementation reduces the memory requirements of the SMU by half. The number of 

memory read operations is reduced to one third. Table shows a comparison of the register and 

memory access operations completed by each method, the TB and the proposed RE in the SMU. The 

operations listed in Table are the operations needed to decode 48 code words. Modified RE method 

and TB method. We are compared on the bases of simulation result. The simulation result  

Table 3:  Comparison of the memory/register operations to decode 48 codeword 

 

Operation TB New RE 

Writing decision bits into memory 256*48 

12288w 

~(256*48)/2 

~6144W 

Reading from memory(for trace-

back) 

48*3 

1444r 

48 

48r 

Writing into the MSB of the 

pointers 

-- 256*48 

12288rg 

Writing termination bits into 

termination registers 

-- 256 

256rl 

8-bit register shifting (shift right 

and append a bit to the LSB) 

48*3*8 

1152rg 

-- 

 

Table 4: Estimate cost function for the memory/register operations to decode 48 code words 

 

Operation TB New RE 

Writing decision bits into memory 256*48 

12288w 

~(256*48)/2 

~6144W 

Reading from memory(for trace-

back) 

48*3 

72w 

48 

24w 

Writing into the MSB of the 

pointers 

-- 256*48 

1536w 

Writing termination bits into 

termination registers 

-- 256 

32w 

8-bit register shifting (shift right 

and append a bit to the LSB) 

48*3*8 

144w 

-- 

Total 12504w 7736w 

 

Where w, r and rg represent the power dissipation cost function for writing one bit into the memory 

block, reading one bit from the memory block, and writing one bit into a register. The power 

consumed by the memory cells during the pre charge consumes the dominant part of a cell’s power 

dissipation. The power consumption of one memory cell is also proportional to The number of 

memory cells in the memory blocks [14]. 

IV. RESULTS & DISCUSSION 

In this paper we are seeing the comparative analysis for the Modified RE method and TB method. We 

are compared on the Bases of simulation result. The simulation result consist of device utilization, 

timing parameters, memory occupied and power estimation cost .This simulation result helps us to 

provide the correct specification for Viterbi decoder due to this user understand the requirement of his 

project is fulfilled with this specification .This specification saves the user time and cost effective 

otherwise without knowing specification user send his data and if it is lost then user information is not 

received correctly..The simulation results are generated by xilinx9.1i software. According to software 

result, Modified RE method is best in the form of less memory occupied and less power consumption 

because it reduced the power and memory occupation just half than the other technique. With the help 

of this simulation result we can compare the other techniques also with this technique. This 
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comparison is also beneficial because when we generate any new technique you can compare the 

simulation result of the latest technique with previous and shows the benefits of the latest technique.  

V. CONCLUSION 

This study has proposed the effective comparative analysis of Modified Register Exchange Method 

and Trace Back Method. A power dissipation comparison between both architectures shows an 

average power reduction of 45 percent for the total Viterbi decoder. The new RE method requires 

only half of the memory needed by the TB method. The maximum frequency achievable for the SMU 

is at least three times that of the SMU in the TB method presented in [10], because the read and write 

operations of the SMU are operating at the data rate frequency; but with the TB, the read operation is 

at least three times faster than the write operation. 

VI. FUTURE WORK 

This paper contains the comparative analysis of the Modified Register Exchange method and Trace 

back method for Viterbi decoder. With the help of this simulation result in the future we are design 

the best technique for Viterbi decoder with less power consumption, highly efficient and less memory 

occupied. By using this simulation result we are providing the correct specification for the next 

generated highly efficient Viterbi decoder.  

 REFERENCES 

[1]. Swati Gupta, Rajesh Mehra, “LowFPGA Implementation of Viterbi Decoder using Trace back 

Architecture,” International Journal of Engineering Trends and Technology- May to June Issue 

2011. 

[2]. Xilinx 9.1i, Altera Product “Used for coding the digital system,” software released on January 

2009. 

[3]. I. Kang and A.N. Willson Jr, “Low-power Viterbi decoder for CDMA mobile terminals,” IEEE 

JSSC,       vo1.33, no. 3, March 1998, pp. 473-482. 

[4]. A.P. Chandrakansan and R.W. Brodersen, Low power digital CMOS design, Kluwer Academic 

Publishers, 1995. 

[5]. A. Bellaouar and M. Elamsry, Low power digital VLSI design, Kluwer Academic 

Publishers,1995. 

[6]. A.J. Viterbi, “Error bounds for convolutional codes and asymptotically optimum decoding 

Algorithm,” IEEE Transactions IT, vol. It-13, no.2, April 1967, pp. 260-269 . 

[7]. G.D. Fomey, “The Viterbi algorithm,” Proc. IEEE, vol. 61,no.3, March 1973, pp. 268-278. 

[8]. H.-L. Lou, “Viterbi decoder design for the IS -95 CDMAforward link,” Proc. VTC, April 1996, 

pp. 1346 -1 350. 

[9]. S.B. Wicker, Error Control Systems for Digital Communication and Storage, Prentice Hall,1995. 

[10]. J.A. Ryu, S.C. Kim, J.D. Cho, H.W. Park and Y.H. Chang, Lower Power Viterbi decoder 

Architecture with a new clock-gating trace-back unit,” Proc. 6th International Conference on 

VLSI and CAD, Oct. 1999,   pp. 297-300. 

[11]. G. Fettweis and H. Meyr, “High-rate Viterbi processor: a systolic amy solution,” IEEE Journal on 

Selected Areas in Communications, Oct.1990, pp. 1520-1534. 

[12]. Y-N. Chang, H. Suzuki, and K.K. Parhi, “A -Mb/s 256-state 10- mW rate- 1/3 Viterbi  Decoder,” 

IEEE JSSC, vol. 35, no.6, June 2000, pp 826-834. 

[13]. Chi-Ying Tsui, R.S. -K. Cheng, and C. Ling, “Low power ACS unit design for the Viterbi 

Decoder,” Proc. IEEE ISCS, 1999, pp. 137-140. 

[14]. D. Liu and C. Svensson, “Power consumption estimation in CMOS VLSI chips,” EEE  JSSC, 

vo1.29, no.6, June 1994,pp. 663-670. 

[15]. Anubhuti Khare, Manish Saxena, Jagdish Patel “FPGA Based Efficient Implementation of Viterbi 

Decoder,” International Journal of Engineering and Advanced Technology (IJEAT) ISSN: 2249 – 

8958, Volume-1, Issue-1, October 2011,   

           

 

 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

155 Vol. 4, Issue 2, pp. 148-155  

 

AUTHOR’S BIOGRAPHY 

Hardeep Singh was born in Kota, India, in 1989. He received First class Bachelor degree in 

Electronics & Communication from the University of Rajasthan, Jaipur, in 2009 and currently 

pursuing his Master degree in Digital Communication from the Rajasthan Technical University; 

Kota. He has published many papers in international and national conferences. His research 

interests include VHDL Language, information theory & coding, Digital logic design, wireless 

communication and mobile communication. 

 

Ramakant Vyas was born in Sikar, India, in 1979. He received First class Bachelor degree in 

Electronics & Communication from the University of RGPV, Bhopal, in 2000 and the Master 

degree in Digital Communication from the Jai Narayan Vyas University, Jodhpur, in 2005. 
Presently pursuing Ph.D. from JNIT Jaipur. He has a 10 years of teaching experience.He has 

published many papers in international and national conferences. His research interests include 

DSP with Mat lab, VHDL Language, information theory & coding, Digital logic design, wireless 

communication and mobile communication. 

 

 
Deepak Raghuvanshi was born in Kota, India, in 1984. He received First class Bachelor degree 

in Electronics & Communication degree from the University of Rajasthan, Jaipur, in 2008 and 

currently pursuing his Master degree in Digital Communication from the RGPV, Bhopal. He has 

published many papers in national conferences. His research interests include VHDL Language, 

information theory & coding, Digital logic design, wireless communication and mobile 

communication, Image Processing. 

 

 

 

 

 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

156 Vol. 4, Issue 2, pp. 156-166  
 

DESIGN AND LAYOUT OF A ROBUST LOW-POWER SELF-

TIMED SRAM AT 180NM 

HaripalKochhar
1
, Subodh Kansal

2 
and Sharmelee Thangjam

3
 

1
 University Institute of Engineering & Technology, Panjab University, Chandigarh, India 

2
Institute of Engineering & Technology, Bhaddal, Ropar, Punjab, India 

3 Asst. Prof., University Institute of Engineering & Technology,  

Panjab University, Chandigarh, India 
 

 

 

ABSTRACT 

SRAM design is very crucial since it takes a large fraction of total power and die area in high-performance 

processors. The performance of embedded memory and its peripheral circuits can adversely affect the speed 

and power of the overall system. This paper explores the design of SRAM focusing on optimizing delay, 

reducing power and layout area. A full-custom layout is drawn to achieve minimum area and power. The key to 

low power operation of the design is self-timed architecture, multi stage decodingand full custom layout. The 

robustness of this design is verified by analysing the memory at wide PVT range. This memory is verified at a 

temperature range of -40ºC to 125ºC.A 1024x16 SRAM is designed at UMC 180 nm technology. The post-layout 

behavior of this SRAM is analyzed at different PVT conditions. The dynamic power achieved is 19.74uW at 

1MHz frequency at TT_1v_25C. The leakage current of single 6T bit-cell is 4.02pA at TT_1v_25C. The leakage 

power is 53.57nW at TT_1v_25C. The access time obtained is 5ns at TT_1v_25C. 

KEYWORDS: Low power SRAM, Self-timed, PVT conditions, Full-custom layout, 180nm  

I. INTRODUCTION 

Low-power SRAM has become more important due to the high demands on the handheld devices. The 

active power of the SRAM is mainly consumed in bit lines and data lines because the SRAM charges 

and discharges the high capacitive bit lines and data lines in read and write cycles[1]. As the bit width 

of SRAM becomes larger for high-performance applications, the power consumption in bit lines and 

data lines continues to increase. 

Therefore, power dissipation has become an important consideration both due to the increased 

integration and operating speeds, as well as due to the explosive growth of battery operated appliances. 

Considerable attention has been paid to the low-power and high-performance design. 

To reduce the power consumption the first technique is to reduce the active duty cycle of the memory 

operation using self-timed architecture. An internal clock pulse with reduced Ton(On time) is generated 

which controls all the memory operation. Second technique of power reduction is to use multi-stage 

row and column decoding which reduces the power consumption as well as it also improves the timing 

characteristics of memory.The behavior of an SRAM differs considerably under different 

operatingconditions i.e. PVT conditions. This paper explorers the behavior of SRAM at different PVT 

conditions. The range of PVT conditions is: 

Temperature : -40ºC – 85ºC 

Process Corner : SS, TT, FF 

Voltage  : 0.9V – 1.98V  
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Fig 1: Architecture of 1024x16CM8 SRAM 

 

Fig. 1 shows the architecture of 1024x16CM8 SRAM memory chip. The SRAM memory system 

design has been done based on array-structured memory architecture at 180nm technology node with 

a nominal supply voltage of 1V. A 10 bit address bus (addr[9:0]) is required for 1024 memory 

locations. In addition, there is 16 bit data input bus (d[15:0]), 16 bit data output bus (q[15:0]), active 

low chip selection signal (csn), write enable (wr), supply voltage (VDD), and ground (VSS).  

The address signals (addr[9:0]) are divided into two groups. One group (addr[9:3]) is used for row 

decoding (word lines) and the other group (addr[2:0]) is used for column mux decoding. Based on the 

seven row address bits, the row decoder produces 2
7
 = 128 horizontal word lines. With three column 

address bits, the column decoder generates 8 select lines for 8 bit multiplexer. This 8 bit multiplexer 

along with column mux, pre-charge cells, sense amplifier and read/write circuitry forms 8 bit 

Input/output block. There are sixteen 8 bit IO blocks connected horizontally to generate 128 vertical 

bit lines. The array produced by the intersections of the 128 horizontal word lines and the 128 vertical 

bit lines is the 1024x16x8 memory cell array.When the chip select (csn) signal is high, the chip is in 

idle mode. When the chip select (csn) signal is low, the chip is accessed. Write enable signal is kept 

‘1’ for write mode and it is kept ‘0’ for read mode of memory operation. The data fed to input port 

(d[i]) is written to the location defined by the address bus. The data from the memory location defined 

by the address bits is written on output port q[i]. Note that, during write operation d[i] is measured on 

the bit line of the designated memory cell and during read operation the output data is available on the 

q[i]. 

The circuit techniques used for low power operation are explained in section II. Low power layout 

guidelines, memory layout and physical verification are explained in section III. Memory robustness 

is shown in section IV by testing it on various PVT conditions. Effect of PVT variation on the 

dynamic power is also shown in this section. 
 

II. LOW POWER TECHNIQUES 

2.1 Concept of Power Reduction Using Self-timed memory design 

The primary technique used for power reduction is self-timed architecture. Memory timing circuits 

need a delay element which tracks the bit-line delay but still provide a large swing signal which can 

be used by the subsequent stages of the control logic. The key to building such a delay stage is to use 

a delay element which is a replica of the memory cell connected to the bit-line, while still providing a 

full swing output.This technique uses a dummy column and dummy row in the RAM to control the 

flow of signals through the core. This section explores the self-timed techniquefor the SRAM. The 

circuit diagram of self-timed IO block is shown in figure 2 

The technique for achieving this uses a “dummy column” in the RAM to control the flow of signals 

through the core. A dummy column is an additional column of bit-cells. Bit-cells in the dummy 

column are forced to a known state by shorting one of the internal nodes to a given voltage [2].  
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When hcp is low the dummy bit

line dmbl is connected to one input of the NAND gate G1 followed by an inverter I1. The other input 

of the G1 is connected to memory enable s

will have a high echo (reset) signal. If a rising edge of the hcp occurs, the dmbl will get discharged 

through the dummy row and we will have a low echo signal. This low echo signal resets the flip

circuit in control block and kills the corresponding word

2.2 Concept of Power Reduction Using Multi

The performance (power and speed) of static CMOS decoder is based on its architecture, the number 

of transistors, fan-in and the loading on the address buffer. The input buffer drive the interconnect 

capacitance of address lines and also the input capacitance of the NAND gates. By using the two stage 

decoder architecture the number on transistor, fan

reduced [1].As a result both speed and power are optimized. The logical diagram of a two

128 decoder is shown in Figure 4
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Figure 2: Self Time I/O Block 
 

When hcp is low the dummy bit-line dmbl is charged through power supply (VDD). The dummy bit

line dmbl is connected to one input of the NAND gate G1 followed by an inverter I1. The other input 

of the G1 is connected to memory enable signal which is high when the chip is selected. Hence we 

will have a high echo (reset) signal. If a rising edge of the hcp occurs, the dmbl will get discharged 

and we will have a low echo signal. This low echo signal resets the flip

circuit in control block and kills the corresponding word-line which is shown in fig

Concept of Power Reduction Using Multi- Stage Decoding  

The performance (power and speed) of static CMOS decoder is based on its architecture, the number 

in and the loading on the address buffer. The input buffer drive the interconnect 

capacitance of address lines and also the input capacitance of the NAND gates. By using the two stage 

decoder architecture the number on transistor, fan-in and the loading on the address input buffer is 

As a result both speed and power are optimized. The logical diagram of a two

4. 

Figure 3: Simulation of self-time operation 
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power supply (VDD). The dummy bit-

line dmbl is connected to one input of the NAND gate G1 followed by an inverter I1. The other input 

ignal which is high when the chip is selected. Hence we 

will have a high echo (reset) signal. If a rising edge of the hcp occurs, the dmbl will get discharged 

and we will have a low echo signal. This low echo signal resets the flip-flop 

s shown in fig. 3. 

The performance (power and speed) of static CMOS decoder is based on its architecture, the number 

in and the loading on the address buffer. The input buffer drive the interconnect 

capacitance of address lines and also the input capacitance of the NAND gates. By using the two stage 

address input buffer is 

As a result both speed and power are optimized. The logical diagram of a two-level 7 to 
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Figure 4: Logic block diagram of a two

 

The first stage is the pre-decoder

decoders to generate pre-decoded signals. 

with vertical clock pulse (vcp) to activate the word line. The decoder delay consists of the gate delays 

in the critical path and the interconnect delay of the pre

delay grows as the square of the wire length, t

of the word line, becomes significant in large SRAMs. Sizing of gates 

offs in the delay and power. Transistor sizing has been studied by a number of researchers for bot

high speed and low power. The decoder sizing problem is complicated slightly due to the presence of 

intermediate interconnect from the pre

function in a simple combinational style using static CM

the 2m word lines will be active at any time. If in any access, the new row address differs from the 

previous one, then the old word line is de

decoder gate delay in such a design is the maximum of the delay to de

delay to assert a new word line, and it is minimized when each gate in the decode path is designed to 

have equal rising and falling delays.

The decoder delay can be greatly improved by optimizing the circuit style us

effort to construct the decoder architecture

using pulsed circuit techniques, where the word line is not a combinational 

stays active for a certain minimum duration and then shuts o

where vertical clock pulse (vcp) is passed via transmission gate to activate a particular word line. The 

combinational signal generated by combining of pre

gate. Thus, before any access all the word lines are off and the decoder just needs to activate the word 

line for the new row. The access time of the SRAM is reduced to 1.19ns at FF

figure 5. 
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Logic block diagram of a two-level 7 to 128 decoder 

decoders where one 3:8 decoder and two 2:4 decoders are used as row 

decoded signals. The pre-decoder outputs are combined at the next stage

with vertical clock pulse (vcp) to activate the word line. The decoder delay consists of the gate delays 

in the critical path and the interconnect delay of the pre-decoder and word line wires. As the wire RC 

delay grows as the square of the wire length, the wire delays within the decoder structure, especially 

of the word line, becomes significant in large SRAMs. Sizing of gates in the decoder allows for trade

offs in the delay and power. Transistor sizing has been studied by a number of researchers for bot

high speed and low power. The decoder sizing problem is complicated slightly due to the presence of 

intermediate interconnect from the pre-decoder wires. Older designs implemented the decode

function in a simple combinational style using static CMOS circuit style [2]. In such a design, one of 

the 2m word lines will be active at any time. If in any access, the new row address differs from the 

previous one, then the old word line is de-asserted and the new word line is asserted. Thus, the 

e delay in such a design is the maximum of the delay to de-assert the old word line and the 

delay to assert a new word line, and it is minimized when each gate in the decode path is designed to 

ual rising and falling delays. 

greatly improved by optimizing the circuit style using the concept of logical 

the decoder architecture. The decoder gate power can be significantly reduced by 

using pulsed circuit techniques, where the word line is not a combinational signal but a pulse which 

stays active for a certain minimum duration and then shuts off. In figure 4, this technique is used, 

where vertical clock pulse (vcp) is passed via transmission gate to activate a particular word line. The 

rated by combining of pre-decoder outputs is used control the transmission 

gate. Thus, before any access all the word lines are off and the decoder just needs to activate the word 

The access time of the SRAM is reduced to 1.19ns at FF
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delay to assert a new word line, and it is minimized when each gate in the decode path is designed to 

ing the concept of logical 

can be significantly reduced by 

signal but a pulse which 

this technique is used, 

where vertical clock pulse (vcp) is passed via transmission gate to activate a particular word line. The 

decoder outputs is used control the transmission 

gate. Thus, before any access all the word lines are off and the decoder just needs to activate the word 

The access time of the SRAM is reduced to 1.19ns at FF_1.98_-40 shown in 
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III. DESIGN GUIDELINES 

When beginning a cell layout, identify critical speed paths. These paths should be prioritized when 

designing the layout. Critical paths should follow 

• Run signals in metal. 

• Use poly only when necessary (as poly introducesa 

• Do not jump signals in diffusion.

• Analog circuits, such as sense amplifiers, need to have matched layout in critical areas.

• Do not place contacts across the width of power bus metal line. Doing so reduces the 

effective width on the bus. Calculate the effective metal line width by subtracting the

Width of contacts placed in the paths.

• Generally, any metal line adjacent to a wide bus should h

to avoid lithography problems. Also, signal lines running a long distance should have greater 

than minimum width to reduce series resistance

• All cells should be DRC and LVS clean (except for recommended rules) before they a

called complete 

• To reduce edge capacitance on the output node, divide wide gates into an even number of 

legs with the output node to the inside and power to the outside. Each leg should be kept 

short in order to minimize series gate resistance

• The supply connections from IO ring or supply pad to the core must be wide

• Metal width for routing should not be less than the width of the pin given in one core macro 

and filler connect cell in IO ring. If metal width for connections can be increased, it is an 

added advantage 

Layout is a physical representation of a schematic. A set of geometric constraints or rules for a 

particular manufacturing process has to be followed for the physical mask layout generation. 

Geometries are determined by the electrical 

the associated manufacturing process. The
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Figure 5: Access time simulation 

UIDELINES FOR LOW POWER LAYOUT 

When beginning a cell layout, identify critical speed paths. These paths should be prioritized when 

designing the layout. Critical paths should follow these rules [5][15]: 

necessary (as poly introducesa lot of resistance). 

Do not jump signals in diffusion. 

Analog circuits, such as sense amplifiers, need to have matched layout in critical areas.

contacts across the width of power bus metal line. Doing so reduces the 

effective width on the bus. Calculate the effective metal line width by subtracting the

Width of contacts placed in the paths. 

Generally, any metal line adjacent to a wide bus should have greater than minimum spacing 

to avoid lithography problems. Also, signal lines running a long distance should have greater 

than minimum width to reduce series resistance 

All cells should be DRC and LVS clean (except for recommended rules) before they a

To reduce edge capacitance on the output node, divide wide gates into an even number of 

legs with the output node to the inside and power to the outside. Each leg should be kept 

short in order to minimize series gate resistance 

y connections from IO ring or supply pad to the core must be wide

Metal width for routing should not be less than the width of the pin given in one core macro 

and filler connect cell in IO ring. If metal width for connections can be increased, it is an 

Layout is a physical representation of a schematic. A set of geometric constraints or rules for a 

particular manufacturing process has to be followed for the physical mask layout generation. 

Geometries are determined by the electrical properties of the devices and design rules pertaining to 

the associated manufacturing process. The full custom layout of SRAM 1024x16x8 is shown in fig 
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and filler connect cell in IO ring. If metal width for connections can be increased, it is an 

Layout is a physical representation of a schematic. A set of geometric constraints or rules for a 

particular manufacturing process has to be followed for the physical mask layout generation. 

properties of the devices and design rules pertaining to 

1024x16x8 is shown in fig 6. 
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Figure 

After several iterations of editing and design rule check (DRC) and layout versus schematic (LVS) 

check the layout is subjected to extraction procedure which is called physical verification. Extraction 

procedure extracts parasitic capacitance values and ac

3.1 Layout versus Schematic (LVS)

Calibre Mentor is used for LVS checking

the electrical components of the circuit, as well as the connections between them. This

compared by the "LVS" software against a similar schematic or circuit diagram's

SRAM 1024x16x8 is shown in fig 

3.2 Design Rule Check (DRC)

Design Rules are a series of parameters provided by

designer to verify the correctness of a mask set. Design rules are specific to a particular 
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Figure 6: Full custom layout of SRAM 1024x16x8 

After several iterations of editing and design rule check (DRC) and layout versus schematic (LVS) 

check the layout is subjected to extraction procedure which is called physical verification. Extraction 

procedure extracts parasitic capacitance values and actual sizes of the transistors. 

Schematic (LVS) 

LVS checking.It recognizes the drawn shapes of the layout that represent 

the electrical components of the circuit, as well as the connections between them. This

compared by the "LVS" software against a similar schematic or circuit diagram's

own in fig 7. 

Figure 7: LVS of SRAM 1024x16x8 

(DRC) 

Design Rules are a series of parameters provided by semiconductor manufacturers

designer to verify the correctness of a mask set. Design rules are specific to a particular 
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check the layout is subjected to extraction procedure which is called physical verification. Extraction 

tual sizes of the transistors.  

recognizes the drawn shapes of the layout that represent 

the electrical components of the circuit, as well as the connections between them. This netlist is 

compared by the "LVS" software against a similar schematic or circuit diagram's netlist The LVS of 

 

semiconductor manufacturers that enable the 

designer to verify the correctness of a mask set. Design rules are specific to a particular 
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semiconductor manufacturing process.

checks and introduction checks are not removed.

IV. ANALYSIS AT VARIOUS 

4.1 Timing analysis with Process, temperature and voltage variation

Process, Voltage and Temperature (PVT) can impact the performance of a circuit significantly. 

Process variation is the variation the attributes of transistors (length, widths, oxide thickness) 

when integrated circuits are fabricated. 

(inter-process variation), Wafer to wafer (inter

[5]. The observed random distribution of identically drawn devices is caused by variations in process 

parameters, e.g. impurity concentration densities, oxide thicknesses and diffusion 

result from non-uniform conditions during the deposition 

(dopants). Changes in these parameters cause electrical parameters to vary, such as sheet resistance 

and threshold voltage.Process variation causes measurable and predictable variance in the output 

performance of all circuits.This memory is analyzed at FF, TT and SS process 

shows the effect of process variation by keeping

25ºC respectively.  

Figure 9: Effect of process variation on Access time and minimum clock pulse width at 1.0V and 25ºC

International Journal of Advances in Engineering & Technology, Sept 2012.

                                                                                                          

Vol. 4, Issue 2, pp.

semiconductor manufacturing process. The DRC of SRAM 1024x16x8 is shown in fig 

checks and introduction checks are not removed. The tools used for DRC is Calibre Mentor

Figure 8: DRC of SRAM 1024x16x8 

ARIOUS PVT CONDITIONS 

Timing analysis with Process, temperature and voltage variation 

Process, Voltage and Temperature (PVT) can impact the performance of a circuit significantly. 

is the variation the attributes of transistors (length, widths, oxide thickness) 

fabricated. The parameters of individual transistors vary from l

process variation), Wafer to wafer (inter-process variation), Die to die (intra

The observed random distribution of identically drawn devices is caused by variations in process 

parameters, e.g. impurity concentration densities, oxide thicknesses and diffusion 

uniform conditions during the deposition and/or the diffusion of the impurities 

(dopants). Changes in these parameters cause electrical parameters to vary, such as sheet resistance 

Process variation causes measurable and predictable variance in the output 

This memory is analyzed at FF, TT and SS process 

s variation by keeping power supply and temperature 

 
Effect of process variation on Access time and minimum clock pulse width at 1.0V and 25ºC
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own in fig 8. The density 

The tools used for DRC is Calibre Mentor 

 

Process, Voltage and Temperature (PVT) can impact the performance of a circuit significantly. 

is the variation the attributes of transistors (length, widths, oxide thickness) 

vidual transistors vary from lotto lot 

process variation), Die to die (intra-process variation) 

The observed random distribution of identically drawn devices is caused by variations in process 

parameters, e.g. impurity concentration densities, oxide thicknesses and diffusion depths [3]. These 

and/or the diffusion of the impurities 

(dopants). Changes in these parameters cause electrical parameters to vary, such as sheet resistance 

Process variation causes measurable and predictable variance in the output 

This memory is analyzed at FF, TT and SS process corners. Figure 9 

 constant at 1.0V and 

Effect of process variation on Access time and minimum clock pulse width at 1.0V and 25ºC 
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Temperature is second parameter which has significant effect on the performance of a circuit. 

Generally, the access time decreases

variation with process SS and Supply 

 

Figure 10: Effect of temperature variation on Access time and minimum clock pulse width 

Figure 11: Effect of supply voltage

The third parameter affecting the results is power supply voltage. Generally, the timing parameter 

results are improved with increasing supply voltage but the power consumption of memory increases 

with increase in supply voltage. 

process and temperature constant at FF 

4.2. Power analysis with Process, temperature and voltage variation

The Dynamic power analysis with respect to Proces

power is calculated at 1 MHz frequency.

International Journal of Advances in Engineering & Technology, Sept 2012.

                                                                                                          

Vol. 4, Issue 2, pp.

Temperature is second parameter which has significant effect on the performance of a circuit. 

decreaseswith the increase in temperature. The effect of temperature 

variation with process SS and Supply voltage 1.0 is shown in Figure 10. 

 
Effect of temperature variation on Access time and minimum clock pulse width 

 

 

supply voltage variation on Access time and minimum clock pulse width 

The third parameter affecting the results is power supply voltage. Generally, the timing parameter 

with increasing supply voltage but the power consumption of memory increases 

with increase in supply voltage. The effect of supply voltage on timing parameters by keeping the 

process and temperature constant at FF and -40C respectively is shown in Figure 

. Power analysis with Process, temperature and voltage variation 

The Dynamic power analysis with respect to Process variation is shown in figure 

power is calculated at 1 MHz frequency. Dynamic power is least at SS and maximum at FF.
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Temperature is second parameter which has significant effect on the performance of a circuit. 

in temperature. The effect of temperature 

Effect of temperature variation on Access time and minimum clock pulse width at 1.0V_SS 

variation on Access time and minimum clock pulse width at FF_ -40ºC 

The third parameter affecting the results is power supply voltage. Generally, the timing parameter 

with increasing supply voltage but the power consumption of memory increases 

The effect of supply voltage on timing parameters by keeping the 

shown in Figure 11. 

s variation is shown in figure 12. The Dynamic 

Dynamic power is least at SS and maximum at FF. 
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Figure 12: Dynamic Power analysis with different process corners 

The Dynamic power analysis at 1MHz frequency

figure 13. As the temperature increases, the dynamic power 

is analyzed for a wide temperature range from 

The dynamic power is directly proportional to supply voltage i.e. it increases with increase in supply 

voltage. Dynamic power analysis with respect to vol

Dynamic power is calculated at 1 MHz frequency.

Figure 13: Dynamic Power analysis with temperature variation at SS and 1.0V

Figure 14: Dynamic Power analysis with supply voltage variation at 
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Dynamic Power analysis with different process corners at 25ºC and 1.0V 

at 1MHz frequency with respect to temperature variation is shown in 

. As the temperature increases, the dynamic power also increases. In this paper the memory 

is analyzed for a wide temperature range from -40ºC to 85ºC. The  

The dynamic power is directly proportional to supply voltage i.e. it increases with increase in supply 

Dynamic power analysis with respect to voltage variation is shown in figure 

Dynamic power is calculated at 1 MHz frequency. 

 

Dynamic Power analysis with temperature variation at SS and 1.0V

 

Dynamic Power analysis with supply voltage variation at FF and -40ºC
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1.0V @ 1MHz 

e variation is shown in 

In this paper the memory 

The dynamic power is directly proportional to supply voltage i.e. it increases with increase in supply 

e variation is shown in figure 14. The 

Dynamic Power analysis with temperature variation at SS and 1.0V @ 1MHz 

40ºC @ 1MHz 
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V. SIMULATION RESULT 

The total area of memory is 0.15mm
2
.  The dynamic power achieved is 19.74uW at 1MHz frequency 

at TT_1v_25C. The leakage current of single 6T bit-cell is 4.02pA at TT_1v_25C. The leakage power 

is 53.57nW at TT_1v_25C. The access time obtained is 5ns at TT_1v_25C. 

TABLE 2–Access time and cycle for various PVT conditions 

Timing Definition 

(ns) 
SS_0.9_-40 SS_1.40_85 TT_1.0_25 FF_1.98_-40 

Cycle Time 16.3280 3.9063 5.4945 1.3456 

Access Time 14.5338 3.5549 5.0254 1.1977 

 

TABLE 3– Comparison with related work 

Parameters This work Ref [13] Ref [14] 

Size 16Kb 8Kb 1Kb 

Technology 180nm 180nm 180nm 

Access Time 1.1ns 1.2ns 0.5n 

Dynamic power 19.7uW/MHz 41.04uW/MHz 16.4uW/MHz 

Leakage power 53.57nW 26.24uW 8.2nW 

Area 0.15mm
2
 1.0mm

2
 ---- 

VI. CONCLUSION 

A low power 16k-b SRAM has been designed using self-timed architecture, multi-stage decoding and 

a full-custom layout. The work is carried out at 180nm technology. The robustness of this work is 

verified by analysing this memory on a wide PVT range. The work done shoes the dependence of 

power on different PVT conditions. This work has improved power as well as timing parameters by 

using these techniques. A comparative analysis of this design has been done with some previous work 

done showing its excellence. 

TABLE 4-Feature of this SRAM 

Technology 0.18um 

Supply Voltage 0.9V-1.98V 

Temperature  -40ºC - 85ºC 

Organization 16kb (1024x16cm8) 

Area 0.15mm
2
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ABSTRACT 

This paper describes a Verification Methodology Manual (VMM) based constrained random verification of a 

SoC block.The SoC block taken into consideration is Camera interface module (CIM). The environment of 

verification, which is created by means of verification methodology manual (VMM) for System Verilog, is 

scalable, predictable and reusableand can reduce verification time. Using this environment of verification, we 

can not only know whether there are bugs in the design under test (DUT) or not, butalso can easily locate 

design errors and corner cases with the help of constraints. 

KEYWORDS:VMM, System Verilog, Constrained random verification, CIM. 

I. INTRODUCTION 

Verification is the single biggest challenge in the design of system-on-chip (SoC) devices and 

reusable IP blocks. Despite the introduction of successive new verification technologies, the 

challenges associated with verifying complex SoCs and IP persist [2]. The gap between design 

capability and verification confidence continues to widen. Repeated studies have shown that half to 

two-thirds of all SoCs fail at first silicon, with functional bugs a major reason. Anticipating all 

possible corner cases and discovering deeply buried design bugs is one of the key verification 

challenges. Given the realities of project resources and time-to-market demands, it is also critical to 

find these bugs as early in the process as possible and with as little effort as possible. 

Traditional verification relies on directed tests, in which the TestBench contains code to explicitly 

create scenarios, provide stimulus to the design, and check (manually or with self-checks) results at 

the end of simulation. Directed testbenches may also use a limited amount of randomization, often by 

creating random data values rather than simply filling in each data element with a predetermined 

value. The directed test approach works fairly well for small designs, but a typical SoC design 

requires thousands of test cases and requires lot of time. 

VMM takes SystemVerilog hardware verification language as itsfoundation. SystemVerilog [3] is the 

industry's first unified Hardware Description and Verification Language (HDVL) which can beviewed 

as an extension of the Verilog language with theadded benefit of supporting Object Orientated (OO) 

constructs.Verification engineers can take the advantage of the OO constructs to develop high level 

test scenarios with bothscalability and reusability. 

The VMM for SystemVerilog [4] shows how to use the capabilities of the language to architect an 

automated test bench. By using the right strategies in setting up the verification environment to take 

full advantage of automation, the time it takes to create new tests can be dramatically reduced. Using 

constrained-random stimulus generation, scenarios can be generated in an automated fashion under 

the control of a set of rules, or constraints, specified by the user. The key is to craft the TestBench 
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such that additional tests can be derived from a relatively small set of base tests by simply modifying 

test parameters or adding and refining constraints. 

In this paper the camera interface module is designed using Verilog and verification environment is 

carried out   using Verification Methodology Manual based constrained random verification in system 

Verilog. 

The rest of the paper is organized as follows: section 2 describes about constrained random 

verification, section 3 gives the overview of camera interface module (CIM),section 4 describes the 

hierarchy of the test platform used, section 5 explains the use of verification IP, section 6 gives the 

implementation of the results, section 7 is the conclusion and section 8 is future work. 

II. CONSTRAINED RANDOM VERIFICATION 

It supports the use of developing a set of test cases that use multiple seeds to implement several 

verification runs. The constrained random approach differs from the traditional verification flow 

whereby the engineer maximises the use of functional coverage to close off the task rather than build 

specific test cases to gradually close off on the verification task. Traditionally the verification 

engineer will use the verification plan to write directed test cases that exercise the various features of 

the DUT, thereby making steady incremental progress. 

There is a downside to implementing the traditional approach. Specifically, it is necessary to write 

100% of all stimuli being transmitted to the DUT. The technique is extremely time-consuming and 

each test is targeted at a very specific part of the design. Given that up to 70% of an ASIC lifecycle is 

spent in the verification task, any improvement in reducing that figure is warmly received within the 

industry. This quantifies the effort undertaken by the EDA tool development community in creating 

and supporting such methodologies. 

Through the use of constrained random testing it is possible to reduce the time required to fulfil the 

verification task. A random test will often cover a wider range of stimuli than a directed test [6]. It can 

be manipulated by changing the seed on which the stimuli is created to yield a greater result from a 

single test scenario. 

III. OVERVIEW OF CIM 

 
Figure 1: KAC 9630 architecture 

Figure 1 shows the block diagram of DUT (design under test). The KAC-9630 is a high performance, 

low power, CMOS ActivePixel Image Sensor capable of capturing grey-scale images at 580 frames 

per second. In addition to the active pixel array, an on-chip 8 bit A/D convertor, fixed pattern noise 

elimination circuits and a video gainamplifier are provided. 
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The integrated programmable timing and control circuit allowsthe user maximum flexibility in 

adjusting integration time andframe rate. Furthermore, a fast read out circuit is provided allowing a 

full frame to read out on a single 8

The sensor utilizes anintegrated electronic shutter. This together with its 

the KAC-9630 an ideal choice for low light imagingapplications or applications where images of fast 

moving objectsneed to be captured with minimum motion blur.

IV. HIERARCHY OF TEST 

 

In order to reflect reusability, we place the test cases on top of verification environment and 

implement the abstraction and automation functions in every layer that help minimize the number and 

details of test cases that need to be written as VMM recommends. Anoth

organization is easy for verification engineers to assemble the previous developed test vectors and test 

environments into the new verification platform. From top to bot

layers: test layer, scenario layer, functional layer, command layer, signal layer. We put some layers 

which have close relationship together to form several small structures.

and reusable. 

Test layer is implemented on top of the verification 

verification environment.We start to define the test suites according to the verification plan. For the 

highest abstraction of test platform, they can be easily implemented from verification plan without 

tough translating and dividing. 

sequences with the DUT (Design under

into necessary register reads and writes executions under the

packed into a transaction object and transferred to the lower layer through channels. VMM class 
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"vmm_atomic_gen" can be easily invoked to generate random stimulus

processes the application-level transactions. It

the basic service to the upper layer and sends constrained

command layer. Command layer is one of the key layers of the verification platform

the atomic functions of each module though signals assignment and combination to the upper layer, 

which have been defined and bound on the lower layer. It 

and checkers associated with various inter

driver serves as a master to supply stimulus data to the DUT. The monitor reports the observed high 

level transaction timing and the data information. The checker is implemented by system Verilog 

assertion.The function of signal layer is connecting the signals of DUT and platform.

V. USE OF VERIFICATION 

Verification IP models are inherently reusableblocks, simplifying the integration of multiple 

componentsand accelerating the schedule of 

components in the big block are thereconfigured Verification IP components. The master serves

driver and the DUT plays the slave role. Monitor IP isused to observe the behavior of the Verificat

IP master and the response of the DU

level interface, which can adapt thetransaction transportation from upper layer and the connectionto 

the DUT ofRTL level. 

VI. EXPERIMENT AND R

CIM is a typical Verilog-top multi

verification. Design of the DUT is written in Verilog and verification is done using System Verilog 

using VMM methodology. 

Pixel data is output on a 20-bit digital video bus and is synchronized to the positive edge of 

Data is transmitted when hsync and vsync are both high. 

frames/fields and indicates the start of the next fram

and indicates the beginning of a new scan line. Blanking intervals contain vertical sync (vsync) and 

horizontal sync (hsync) pulses.Blanking occurs when either hsync or vsync or both go low. 

be observed in figure 5. 
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Figure 4: simulation waveform of design 

 
Figure 5: the simulation waveform of CIM (showing multiple hsync and vsync) 

VII. CONCLUSION 

Verification is most important in the design of system-on-chip (SoC) devices and reusable IP 

blocks.A VMM-based verification platform has been implemented and applied to camera interface 

module (CIM) SoC in this paper. The whole verification environment is implemented using system 

Verilog based on VMM methodology and the simulation tool used is Synopsys VCS. All processes of 

this verification areexecuted automatically by the verification environment. New constraints and tests 

are used to explore new areas according to the coverage results. If any bugs are found during the 

verification process, then the errors can be easilylocated according to the report. Moreover, if the 

environment created, is compiled once, it can berun more times and hence it is very easy to explore 

newareas just by changing seeds, without being compiled again. The verification platform used 

possesses fine configurability, flexibility, and high performance. The proposed methodology can also 

bereused in the similar verifications of different designs. 

VIII. FUTURE WORK 

Future work can include the combination of constrained random and directed test case methodology 

to further improve the speed of verification. 
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ABSTRACT 

The main objective of this research paper is to prove the effectiveness of high dimensional data analysis  and 

different algorithm in the prediction process of  Data mining.  The approach made for this survey includes  , an 

extensive literature search on published papers as well as text books  in the application of Data mining in 

prediction. Many  data  tables were searched for this purpose and research was conducted during JAN 2009 -

2012 and I have retrieved many published articles on the usage of Data mining algorithm in prediction.  I have 

retrieved those articles by searching the data bases with the usage of the keywords “data mining and 

algorithm”. Titles of the articles were analyzed by usage of association rules that analyze the most frequently 

used words. The main algorithm which were includes in this survey are decision tree, k-means algorithm ,and 

association rules. I have Studied each algorithm with the help of high dimensional data set with UCI repository 

and find the advantages and disadvantages of each and made a comparative result for this.  

KEYWORDS: Algorithm, Clustering. Data mining, Decision Tree, High Dimensional analyzis. 

I. INTRODUCTION 

Data mining is an interdisciplinary field of computer science. It is the process that results in the 
discovery of new patterns in large database. It utilizes methods at the intersection of artificial 
intelligence, machine learning, statistics, and database systems. The overall goal of the data mining 
process is to extract knowledge from an existing data set and transform it into a human-
understandable structure for further use. Besides the raw analysis step, it involves database and data 
management aspects, data processing model and inference considerations, interestingness metrics, 
complexity, considerations, post-processing of found structures, visualization, and online updating.[1] 
There are different techniques for multidimensional data analysis. The models included in the 
predictive data mining consists of clustering, decision tree, association rules, pattern matching, 
classification rules, statistical analysis etc. Through this paper we tried to analyse the advantages and 
disadvantages of main three algorithms such as association rules, clustering algorithm and 
classification and prediction methods. In clustering algorithm, we have selected the k-means 
clustering algorithm for sample study, similarly for classification and prediction methods, decision 
tree have used which is used c4.5 algorithm. Association rule algorithm also verified with sample 
data. Data set used for this study is UCI repository. 

1.1 Multidimensional Analysis 

Multidimensional data is a type of data that records facts related to variable entities called dimensions. 
Technologies such as Integrated Data Analysis & Simulation module(IDASM) provide an 
environment where multiple data sets can be integrated to conduct analysis across different cases 
Dimensions are entities which are used to analyze data and may represent the sides of a 
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multidimensional cube. Selecting proper dimensions in data analysis is indeed very crucial for 
multidimensional analysis and gaining greater insights from the data. Dimension modeling is very 
important in data analysis because queries can be satisfied only if dimensions are properly defined. 
If one of the dimensional values changes, then output also will change. The multi dimensional 
analysis tools are capable of handling large data sets.  These tools provide facilities to define 
convenient hierarchies and dimensions. But they are unable to predict trends and find the patterns and 
guess the hidden behaviour.[2] 

1.2 Related Works in this Area 

Many works related in this area have been going on. “In A New Approach for Evaluation of Data 
Mining Techniques” by Moawia Elfaki Yahia[19],the authors tried  to put a new direction for the 
evaluation of some techniques for solving data mining tasks such as: Statistics, Visualization, 
Clustering, Decision Trees, Association Rules and Neural Networks. The article on “ A study on 
effective mining of association rules from huge data base “ by V.Umarani, [20] It aims at finding 
interesting patterns among the databases. This paper also  provides an overview of techniques that are 
used to improvise the efficiency of Association Rule Mining (ARM) from huge databases. In another 
article “ K-means v/s K-medoids: A Comparative Study” Shalini S Singh explained  that portioned 
based clustering methods are suitable for spherical shaped clusters in medium sized datasets and also 
proved that K-means  are not sensitive to noisy or outliers.[21]. In an article “Predicting School 
Failure Using Data Mining C”. MÁRQUEZ-VERA explained the prediction methods and the 
application of classification rule in decision tree for predicting the school failures.[22].There are many 
research works carrying out related with data mining technology in prediction such as financial stock 
market forecast, rainfall forecasting, application of data mining technique in health care, base oils 
biodegradability predicting with data mining technique etc,[23]. 
 

II. THE ROLE OF DATA MINING IN HIGH DIMENSIONAL ANALYSIS 

Due to the advancement in algorithm and changing scenario, new techniques have emerged in data 
analysis, which are used to predict and generate data patterns and to classify entities having 
multivariate attributes. These techniques are used to identify the pre-existing relationship in the data 
that are not readily available. Predictive Data mining deals with impact patterns of data.[4] 

 2.1 . Models used in Predictive Data Mining 

The models mainly used in predictive data mining includes Regression, Time series, neural networks, 
statistical mining tools, pattern matching, association rules, clustering, classification trees etc[5] 
Regression model is used to express relationship between dependent and independent variables using 
an expression. It is used when the relationship is linear in nature. If there is a non linear relationship, 
then it cannot be expressed using any expression, but the relationship can be built using neural 
networks. In time series models, historic data is used to generate trends for the future.  Statistical 
mining models are used to determine the statistical validity of test parameters and can be utilized to 
test hypothesis undertake correlation studies and transform and prepare data for further analysis. 
Pattern matching are used to find hidden characteristics within data and the methods used to find 
patterns with the data includes association rules. [16] 
Association rules allows the analysts to identify the behavior pattern with respect to a particular event 
where as frequent items are used to find how a group are segmented for a specific set. Clustering is 
used to find the similarity between entities having multiple attributes and grouping similar  entities 
and classification rules are used to categorize data using multiple attributes. 

III. C4.5 

C4.5 is an algorithm used to generate a decision tree developed by Ross Quinlan[1]. It is an extension 
of Quinlan's earlier ID3 algorithm. The decision trees generated by C4.5 can be used for 
classification, and for this reason, C4.5 is often referred to as a statistical classifier. [3]This algorithm 
builds decision trees from a set of training data using the concept of information entropy.   
It is handling both continuous and discrete attributes, handling training data with missing attribute 
values and also handling attributes with differing costs. In building a decision tree we can deal with 
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training sets that have records with unknown attribute values by evaluating the gain, or the gain ratio, 
for an attribute by considering only the records where that attribute is defined. In using a decision tree, 
we can classify records that have unknown attribute values by estimating the probability of the 
various possible results.[14] 
Follows the algorithms employed in C4.5 using decision tree. 

3. 1 Decision trees 
Given a set S of cases, C4.5 first grows an initial tree using the divide-and-conquer algorithm as 
follows:[7] 
If all the cases in S belong to the same class or S is small, the tree is a leaf labeled with the most 
frequent class in S. 
Otherwise, choose a test based on a single attribute with two or more outcomes. Make this test the 
root of the tree with one branch for each outcome of the test, partition S into corresponding subsets 
S1, S2, . . . according to the outcome for each case, and apply the same procedure recursively to each 
subset. 
Use either information gain or   gain ratio to rank the possible tests. 
Check the estimation error. [12] 

Table 1: Decision Tree-Advantages and Disadvantages 

     Advantages Limitations 

Error rate is less 

Decision trees typically require certain knowledge of quantitative or statistical 
experience to complete the process accurately. Failing to accurately understand 
decision trees can lead to a garbled outcome of business opportunities or decision 
possibilities. 

 

Decomposition is easier 
as compared with other 
techniques 

It can also be difficult to include variables on the decision tree, exclude duplicate 
information or express information in a logical, consistent manner. The inability to 
complete the decision tree using only one set of information can be somewhat 
difficult. 

 
 

Represent the 
knowledge in the form 
of IF-THEN rules. 
Rules are easier for 
humans to understand. 

While incomplete information can create difficulties in the decision-tree process, too 
much information can also be an issue. 

 
 

 

IV. CLUSTERING ALGORITHM 

Clustering is the task of assigning a set of objects into groups so that the objects in the same cluster 
are more similar to each other than to those in other clusters. Clustering is a main task of explorative 
data mining, and a common technique for data analysis used in many fields including information 
retrieval. .Cluster analysis groups objects based on their similarity. The measure of similarity can be 
computed for various types of data. [5] 
Clustering algorithms can be categorized into partitioning methods, hierarchical methods, density-
based methods, grid-based methods, and model-based methods, k-means algorithm, graph based 
model etc. 

4.1 K means algorithm 
In data mining K-means clustering is a method of cluster analysis which aims to partition n 
observations into k clusters in which each observation belongs to the cluster with the nearest mean. 
The k-means algorithm[also referred as Lloyd’s algorithm]  is a simple iterative method to partition a 
given dataset into a user specified number of clusters, k.[8]The algorithm operates on a set of d-
dimensional vectors, D = {xi | i = 1, . . . , N}, where xi ∈ _d denotes the ith data point. The algorithm 
is initialized by picking k points in _d as the initial k cluster representatives or “centroids”. 
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Techniques for selecting these initial seeds include sampling at random from the dataset, setting them 
as the solution of clustering a small subset of the data or perturbing the global mean of the data k 

times. Then the algorithm iterates between two steps till convergence:[18] 
Step 1: Data Assignment. Each data point is assigned to its closest centroid, with ties broken 
arbitrarily. This results in a partitioning of the data. 
Step 2: Relocation of “means”. Each cluster representative is relocated to the center (mean) of all data 
points assigned to it. If the data points come with a probability measure (weights), then the relocation 
is to the expectations (weighted mean) of the data partitions. 
The algorithm converges when the assignments (and hence the cj values) no longer change.  The 
algorithm execution is visually depicted in Fig. 1. Note that each iteration needs N × k comparisons, 
which determines the time complexity of one iteration. The number of iterations required for 
convergence varies and may depend on N, but as a first cut, this algorithm can be considered linear in 
the dataset size. 

4.2 Advantages and Limitations 

Table 2: Advantages and Limitations of k-means algorithm 

Advantages Limitations 

Relatively efficient and easy to implement. Sensitive to initialization 
Terminates at local optimum. Limiting case of fixed data. 
Apply even large data sets Difficult to compare with different 

numbers of clusters 
The clusters are non-hierarchical and they 
do not overlap 
 

Needs to specify the number of clusters  
in advance. 

With a large number of variables, K-Means 
may be computationally faster than 
hierarchical clustering  

Unable to handle noisy data or outliers. 

K-Means may produce tighter clusters than 
hierarchical clustering, especially if the 
clusters are globular 

Not suitable to discover clusters with 
non-convex shapes 

 
 

V. ASSOCIATION RULES ALGORITHM 

Association rule mining searches for interesting relationships among items in a given set. Here the 
main rule interestingness are rule support and confidence which reflect the usefulness and certainty of 
discovered rules.  Association rule mining algorithm is a two step process where we should have to 
find all the frequent item sets and generate strong association rules from the frequent item sets.[9] 
If a rule concerns association between the presence or absence of items, it is a Boolean association 
rule.  If a rule describes association between quantitative items or attributes, then it is known as 
quantitative association rules. Here the   quantitative values for items are partitioned into intervals. 
The algorithm can be formed based on dimensions, based on level of abstractions involved in the rule 
set and also based on various extensions to association mining such as correlation analysis.[17] 

5.1 Multi dimensional Association Rules: 
In multi dimensional databases, each distinct predicate in a rule as a dimension. Association rule that 
involve two or more dimensions or predicates each of which occurs only once in the rule  can be 
referred as multidimensional  association rules.   
Multi dimension association rules with no repeated predicates are called inter dimension association 
rules and may with repeated predicates which can contain multiple occurrences of some predicates are 
called hybrid dimension association rules. 
For example  

Age(X,50…..70)^ FAMILYHISTORY(X,DISEASE)=> DISEASEHIT(X,”TYPHOID”). 

Here the database attributes can be categorical or quantitative with no ordering among the values The 
basic definition of association rule states that, Let A={l1,l2,……..lm} be a set of items, and Let T, the 
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transaction database, be a set of transaction, where each transaction t is a set of items and thus t is a 
subset of A. 
An association rule tells us about the association between two or more items. For example, If we are 
given a set of items where items can be referred as disease hit in an area  and a large collection of  
patients who are subsets of some inhabitants in the area. . The task is to find relationship between the 
presences of disease hit within these group. In order for the rules to be useful there are two pieces of 
information that must be supplied as well as the actual rule: Support is how often does the rule apply? 
and confidence is how often is the rule is correct. [19] 
In fact association rule mining is a two-step process: Find all frequent item sets / disease hit - by 
definition, each of these item sets will occur at least as frequently as a predetermined minimum 
support count, and then generate strong association rules from the frequent item sets by definition, 
these rules must satisfy minimum support and minimum confidence. 
In this study predicting the chances of disease hit an area, by correlating the parameters or attributes 
such as climate, environmental condition, heredity, education with the inhabitants. And also finding 
how these parameters are associated with the chances of disease hit. 

Table 3: Association Rules-Advantages and Disadvantages 

Advantages Limitations 

Association rule algorithms can be formulated to 
look for sequential patterns. 

Association rules do not show reasonable patterns 
with dependent variable and cannot reduce the 
number of independent variables by removing. 

The methods of data acquisition and integration, 
and integrity checks are the most relevant to 
association rules. 

Association rules cannot be useful if the 
information do not provide support and 
confidence of rule are correct. 

VI. CONCLUSION 

In this research work, I have made a study to make a comparison of the some of the existing data 
mining algorithm for high dimensional data clusters to estimate prediction in data mining technique. 
The main techniques included in the survey are decision tree, clustering algorithm, k-means algorithm 
and association rule algorithm. Studied each algorithm with the help of high dimensional data set with 
UCI repository and find the advantages and disadvantages of each. By comparing the advantages and 
disadvantages of each algorithm, I am trying to develop a hybrid algorithm for multidimensional data 
analysis. The efficiency was calculated on the basis of time complexity, space complexity, space 
requirements etc. The sample used in this study includes UCI repository. The efficiency of new 
algorithm can be checked with real time data.  

VII. FUTURE ENHANCEMENT 

We will be able to create a new hybrid algorithm by comparing the advantages and disadvantages of 
the existing ones. We can also take other techniques which are not included in this survey for 
comparison purpose and can find the best one by evaluating the advantages and limitations of the 
existing one. 
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ABSTRACT 

This paper studies the performances of three optimization algorithms, such as (a) Back Propagation (BP) that 

works by the principle of gradient descent, (b) Simulated Annealing (SA), which is a probabilistic search and (c) 

a Binary-Coded Genetic Algorithm (BCGA) that is an evolutionary technique for training of a Feed-Forward 

Neural Net Classifier (NNC). The objective is to compare the performances of BP, SA, and BCGA in terms of 

yielding accurate outputs in less time. Four standard datasets, e.g. Iris, Diabetes, Glass and Teaching Assistant 

Evaluation (TAE) are used for their implementations and testing. It has been observed that BP loses its merit as 

a good NNC optimizer due to its tendency of being trapped into local minima. SA, on the other hand, consumes 

more time for convergence, but yields better classification accuracy, compared to BP. BCGA, being a global 

search algorithm, is able to find better solution from all available solutions and thus yields the best accuracy, 

but with slow convergence rate. Based on these observations, the paper suggests that SA might be a reasonable 

choice for NNC optimization to start with, when both accuracy and convergence speed are considered. 

KEYWORDS: Neural Network, Back Propagation, Simulated Annealing, Binary Coded Genetic Algorithm, 

Classification & Optimization 

I. INTRODUCTION 

Feed-Forward Neural Net Classifier (NNC) is an artificial neural network structure with input signals 
constrained to propagate in the forward direction [1, 2]. It finds frequent applications in the fields like 
Estimation of Software Effort [3], Software Reliability Modelling [4], Dynamic System Identification 
and Control [5], Voice Recognition [6], and many more. So, it urges for the optimization of feed-
forward NNC with the best accuracy and convergence. It is not a simple task and requires 
comprehensive parametric studies on various datasets. This leads us to the implementation of Back 
Propagation (BP), Simulated Annealing (SA) algorithms and Binary-Coded Genetic Algorithm 
(BCGA), which are three popular optimizers to train and test an NNC.  
Among several algorithms to facilitate NNC’s supervised training process, back propagation (BP) is 
the most popularly used one. It has been used in trade prediction [7], energy saving in wireless sensor 
networks [8], analysis of LHM elemental basic structure [9], weather forecasting [10,11], 
identification of seismic arrival types [12], microstrip filters [13], medical diagnoses [14,15] etc. Its 
goal is to optimize the weight set associated with NNC through iterations [16]. Nevertheless, its 
nature of getting stuck at local minima limits the possibility of obtaining the optimal solution and 
sometimes fails to produce better accuracy though with faster convergence.  
Simulated annealing (SA), on the other hand, is a probabilistic global search algorithm. It states the 
convergence of the physical process of crystallization that involves stabilization of molecules with 
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slow decrement in temperature [17]. Similar to BP, optimal weight set is the key focus of SA, which 
is accomplished with the controlled decrement of the temperature. SA also finds applications in the 
field of Chromatographic Separation [18], Water Distribution System [19], Structural Optimization 
[20], Design of Low Pass Filters [21], and so on. Being a global search it may lead to the optimal 
solution with considerable convergence rate, yet it is probabilistic in nature. 
Genetic Algorithm (GA) is an analogy to the process of natural evolution that is used for optimization 
[22]. The different types of GAs are Messy GA [23], Adaptive GA [24], Parallel GA [25], 
Independent Sampling GA [26], Real-Coded GA [27], and many more. Here BCGA is implemented 
where the individuals in population are encoded with binary digits [25]. Some of its important 
contributions include: antenna design [28, 29], pattern classification [30], pipeline flow optimization 
[25], medical diagnosis [31, 32, 33] and so forth. One of its most important characteristic is it can find 
better solution using the information available in current solutions with the operations such as cross-
over and mutation whereas the convergence rate is not up to the mark. 
There have been a few comparative studies performed between BCGA and BP [34, 35] and SA and 
BP [36] on data classification using neural network on the basis of accuracy. But in classification task, 
convergence rate also plays a major role along with accuracy in real-world problems. So the analysis 
in our study includes: parametric optimization of NNC training, classification accuracy check and 
estimating the convergence rate. 
The objective of this work is to compare these three different classes of optimization algorithms on 
the basis of accuracy and convergence rate while training an NNC. The accuracy reflects the 
minimum testing error and convergence rate is based upon the time taken for completion of training. 
The above three algorithms are operated on Iris, Diabetes, Glass, and Teaching Assistant Evaluation 
(TAE) datasets [37].  
Rest of the paper is organized as follows. Section II describes the methodology used, section III 
explains results, and the paper is concluded in section IV. 

II. METHODOLOGY 

This section briefly describes the data, tools, and techniques used in the study.  

2.1. Data 

Four standard datasets, such as Iris (150 x 4; Class: 1-3), Teaching Assistant Evaluation (TAE: 149 x 
5; Class: 1-3), Glass (214 x 9; Class: 1-6) and Diabetes (150 x 8; Class: 1-2), are considered for the 
study [37]. 

2.2. Tools Used 

Dev C++ is used for the development and implementation of the NNC, BP, SA and BCGA 
algorithms. MATLAB 9 is used for plotting graphs. Intel Core 2 Duo 2 GHZ with 1 GB RAM 
processor is used for simulation of all the programs. 

2.3. Techniques Applied 

This section briefly describes the complete methodology adopted in our work. 

2.3.1Feed-Forward NNC Construction 

Feed-Forward NNC is developed for each dataset using the structure feature available in C language. 
The structure of each net is based on the notation (n -  2/n  - 1:: Input-Hidden-Output) with 1 hidden 

layer where n is the number of neurons/nodes in the input layer. Table 1 describes the structure of 
each network developed. 
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Table 1. Description of NNCs, Developed 

Network Description 
                    Datasets  

TAE Iris Diabetes Glass 

No. of  layers 3 3 3 3 

No. of  hidden  layers 1 1 1 1 

No. of  neurons  in input  layer 5 4 8 9 

No. of  neurons  in ouput  layer 1 1 1 1 

No. of  neuons  in hidden layer 3 2 4 5 

Log Sigmoid function mentioned in (1) is used as the transfer function to keep the output of each 
hidden/output neuron between 0 to1. 

1)1()( −−+= xexf                                                                                                               (1) 

The cost function here used is the Mean Square Error (MSE) calculated by the difference between the 
calculated output (CO) and the target output (TO). MSE cost function is given in (2). 
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As we are also investigating the run time as another objective function we have used TIME 
(see (3)) as the cost function. 
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2.3.2 Normalization 

The datasets constituting features and class labels are pre-processed to have values from 0 to 1 before 
feeding into NNC to facilitate simpler calculation and use of log sigmoid function as transfer function. 

2.3.3 BP Algorithm 

BP, a well-directed gradient based search, works in the following phases: (1) passing of input signals 
in forward direction and calculation of output at output layer, (2) Calculation of error using cost 
function, and (3) back propagation of error using generalized ∆ rule using (4) and (5) [16]. Here the 
basic idea is to reduce the MSE through iterations consequently increasing the prediction accuracy 
using the principle of gradient descent.  
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Where ‘w’ denotes the weights between the connectors ‘i’ and ‘j’ and‘t’ is the state of iteration. To 
optimize the learning process rigorous parametric study (PS) [38] is included. In PS, the Learning 
Rate (λ) is optimized by checking the minimum MSE associated λ. Table 2 lists the parameters 
involved in training NNC with BP algorithm. 

Table 2. Parameter List for BP 

Parameters Corresponding Values 

Learning Rate (λ) 0.1 to 1.0 

Momentum Constant(α) 0.9 

Epoch Size 100 
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2.3.4. SA Algorithm 

SA is an adaption of the physical process where a solid is gradually cooled until its structure attains 
the “frozen” state at the minimum energy level [39]. Likewise, the weight set in the neural network 
has to go through a number of configurations during the annealing process until it obtains the global 
minima. 
The process starts at a high temperature; with gradual decrement of temperature and the weight 
configuration changes attaining a “thermal equilibrium” state at each temperature [17].  
At each temperature, we randomize the weights. We accept the new set of weights as the newly 
optimized set of weights if the error with this weight set is lower than the error with the previous set 
of weights or with a probability that the current set of weights will lead to the global minima. Here, 
the PS includes the weight range to be optimized. Table 3 shows the list of parameters involved. 

Table 3. Parameter List for SA 

Parameters Corresponding Values 

Initial Temperature 10o C 
Final Temperature 1o C 
Weight Range (-1,+1), (-2,+2), (-4,+4) 

Equillibrium State 
No. of changes in the weight set is more than 10 or No. 
of iterations is more than 15000 

2.3.5. Binary Coded GA 

GA, based on natural evolutionary process, is a global optimization algorithm. It constitutes of 
continual processes, such as (1) initialization of population, (2) evaluation of fitness of each 
individual in population (3) selection of best-fit individuals for cross-over process (4) cross-over and 
mutation of selected individuals to breed off-springs, and (5) evaluation of off-springs and their 
replacement with least-fit old individuals [22]. 
The type of GA used here is BCGA where each individual solution is encoded with binary digits. As 
BCGA is applied to a neural net, here the weight links connected between nodes are coded into strings 
of binary. Figure 1 shows the same. 

 

Figure 1. Weights of NN with Binary Encoding 

Cross over operation in BCGA is done in the following way: (1) Select two individuals i.e. two 
weight sets [W]1 and [W]2 out of all individuals, (2) Mate each weight links of [W]1 with the 
corresponding weight link of [W]2 (i.e. [W]1ijwith [W]2ij where Wij is the weight link between i and j 
neurons ) to produce two new weight sets. Figure 2 demonstrates the above operation. 

 
Figure 2. Cross Over Operation of two Weight Sets 
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In PS, the parameters are: weight range, type of cross over, initial population size. Epoch size is 500 
as convergence rate of BCGA is slow. Table 4 shows the parameter list 

Table 4. Parameter List for BCGA 

Parameters Corresponding Values 

Epoch Size 500 
Cross Over Type Single-point, Two-point 
Weight Range (-1,+1), (-2,+2), (-4,+4) 

Initial Population Size 100 to 1000 

No. of Bits for a Wt. Link 
20 for wt. range(-1,+1);21 for wt. range(-2,+2); 22 for wt. range(-
4,+4) 

Mutation 
4 bits of each wt. link of offspring  are randomly changed using 
XOR bitwise operator after cross over operation  

III. RESULTS AND DISCUSSION 

The result section constitutes two sub-sections. First describes the results of PS, while in the second, 
comparison is made. 

3.1. Parametric Study Results 

3.1.1. BP: Tuning Learning Rate 

All possible λ are tested while training the NNC. The λ with minimum MSE during testing is selected 
for comparison with SA and BCGA. Figure 3 depicts the λ optimization for all the datasets. From 
Figure 3, it is clear that for Iris data, the minimum MSE is 0.0062 at λ = 0.2. For Glass data, minimum 
MSE is 0.0253 at λ = 0.3; while for the Diabetes data, minimum MSE is 0.0980 at λ = 0.7. Finally, for 
TAE, minimum MSE is 0.0558 at λ = 0.2. 

 

Figure 3.  Learning Rate Optimization for all datasets 

3.1.1. SA: Optimization of Weight Range 

As mentioned earlier, different weight ranges i.e. the search spaces are tried during the training of 
NNC. The search space which results the minimum MSE during testing of the NNC is selected for 
comparison with BP. Table 5 suggests, for Iris data the minimum MSE is 0.0043; while for TAE it is 
0.0549. For Glass and Diabetes, the minimum MSE values are 0.0268 and 0.0940 respectively. All the 
minimum MSEs fall in the weight range (-1, +1). 

Table 5. SA Parametric Study Results 

Weight Optimization 

Minimum MSE (testing) of datasets corresponding to weight 

range 

Iris TAE Glass Diabetes 

(-1,+1) 0.0043 0.0549 0.0268 0.0940 
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Weight Optimization 

Minimum MSE (testing) of datasets corresponding to weight 

range 

Iris TAE Glass Diabetes 

(-2,+2) 0.0044 0.0574 0.0322 0.1072 

(-4,+4) 0.0046 0.0581 0.0385 0.1056 

 

3.1.2. BCGA 

Different parameters mentioned in Table 4 are optimized through PS. Figure 4 depicts the same. 

 

(1)                                                                               (2) 

 
   (3)                                                                         (4) 

Figure 4. PS Results for (1) IRIS, (2) TAE, (3) GLASS and (4) DIABETES data 

Results show, the minimum MSE 0.0037 for IRIS occurs with weight range (-4, +4), single-point 
crossover, and population size 400. For TAE, the minimum MSE 0.0507 occurs with weight range (-
1, +1), two-point crossover, and population size 800. With weight range (-1, +1), single-point 
crossover, and population size 1000 minimum MSE 0.0167 is attained for Glass data. For Diabetes, 
the minimum MSE 0.0912 is obtained with weight range (-1, +1), two-point crossover and 800 
population size. 

3.2. Comparative Study of BP, SA and BCGA 

This section includes the comparative study results in two sections based upon accuracy and 
convergence rate of NNC training. 

3.2.1. Accuracy 

Here accuracy is considered as the minimum MSE during testing. Table 6 & 7 demonstrate the 
advantage of BCGA over SA and BP when NNC deals with accuracy. 

Table 6. Performance of BP, SA and BCGA during Training 

Training Analysis  
Minimum MSE (training) for all the datasets  

Iris TAE Glass Diabetes 

BP 0.0071 0.0634 0.0133 0.0748 
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Training Analysis  
Minimum MSE (training) for all the datasets  

Iris TAE Glass Diabetes 

SA 0.0048 0.0541 0.0041 0.0672 
BCGA 0.0066 0.0597 0.0120 0.0860 

Table 6 suggests that SA acquires the pole position during training of NNC for all the datasets. BCGA 
acquires the 2nd position for all datasets except Diabetes. BP secures 2nd position for Diabetes; while 
3rd for the rest. 

Table 7. Performance of BP, SA and BCGA during Testing 

Testing Analysis  
Minimum MSE (testing) for all the datasets  

Iris TAE Glass Diabetes 

BP 0.0062 0.0634 0.0253 0.0980 

SA 0.0043 0.0549 0.0268 0.0940 

BCGA 0.0037 0.0507 0.0167 0.0912 

Results shown in Table 7 suggest BCGA outperforms SA and BP during testing for all the data. SA 
secures 3rd position for Glass and 2nd for the rest. BP secures 2nd position only for Glass data and 3rd 
for the rest. Here we try to emphasize, BP’s tendency of getting stuck at local minima doesn’t produce 
considerable accuracy. BCGA is able to find the best solutions from the available solutions for all 
datasets. 

3.2.1. Convergence Rate 

Table 8 shows the time consumed by BP, SA, and BCGA during training for the optimized 
convergence for each dataset. 
As the system used for simulation is Intel Core 2 Duo 2 GHZ with 1 GB RAM the time consumed for 
convergence can be further optimized with a system with better processing capacity. Table 8 suggests, 
Convergence for BCGA is much slower than BP and SA. BP has got the highest convergence rate. 

Table 8. Convergence Rate Comparison of BP, SA and BCGA 

Convergence Rate Analysis  
TIME taken for Convergence (in seconds) 

Iris TAE Glass Diabetes 

BP 10 14 28 25 

SA 190 90 52 124 

BCGA 293 1500 4560 2554 

IV. CONCLUSION AND FUTURE WORK 

In this work we tried to solve a bi-objective optimization problem in terms of accuracy and speed. It 
concludes that SA takes more time (Iris: 190; TAE: 90; Glass: 52; Diabetes: 124) to converge when 
compared to BP (Iris: 10; TAE: 14; Glass: 28; Diabetes: 25), but much less time compared to BCGA 
(Iris: 293; TAE: 1500; Glass: 4560; Diabetes: 2554). On the other hand, BCGA provides better 
accuracy during testing (Iris: 0.0037; TAE: 0.0507; Glass: 0.0167; Diabetes: 0.0912) when compared 
to SA (Iris: 0.0043; TAE: 0.0549; Glass: 0.0268; Diabetes: 0.0940) and BP (Iris: 0.0062; TAE: 
0.0634; Glass: 0.0253; Diabetes: 0.0980). Hence, we suggest that SA could be one reasonably useful 
technique for NNC optimization. However, it requires more study with different real-life datasets, 
which is the future work of the authors. 
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ABSTRACT 

 Static characteristics of a stiffened conoidal shell have been studied in this paper. For static analysis of 

stiffened conoidal shell roofs different shell actions such as deflection, force and moment resultants have been 

computed by varying the stiffener depth & eccentricity with respect to shell mid surface, and  presented. Results 

of some specific problem obtained in the present study have been compared with those of earlier investigators 

for validation. Effect of number and depth of stiffeners, stiffener eccentricity and of various boundary conditions 

on the shell behavior have also been studied. Relative efficiencies of two different shell options with different 

boundary conditions and number of stiffeners are compared through a proposed performance matrix. 

KEYWORDS: Conoidal, shell roof, stiffner, deflection, concentrated load. 

I. INTRODUCTION 

The reason of a shell form having high strength with small thickness can be attributed to the coupling 

of in-plane thrusts and bending of its surface under external superimposed load. A conoid is generated 

by a variable straight line moving parallel to a plane-known as the director plane-with one of its ends 

on a plane curve and the other on a straight line. Depending on the arrangement of stiffeners with 

respect to the shell mid surface the disposition can be classified as concentric or eccentric. The 

stiffeners disposition is concentric if the centroid of the stiffener cross section coincides with the shell 

midsurface and is eccentric if the stiffener centroid remains above or below the shell mid-surface. 

From structural aspect the concrete conoidal shell roofs are advantageous as these are singly ruled and 

hence are easy to cast. The doubly curved conoidal shells are architecturally appealing and therefore 

preferred to cover large column-free spaces in many industrial applications like airport lobbies, 

automobile manufacturing and repairing yards and so on. Conoidal shells are efficient in admitting 

natural light and ventilation. These shells need to be stiffened to achieve greater strength-to-weight 

ratio. 

The use of stiffened structural elements started in the nineteenth century perhaps, first being Howland 

and Beed (1940) tested cylindrical shells stiffened orthogonally by equally spaced stringers and rings 

subjected to internal pressure. Soare (1959), Ramaswamy (1961), Rao (1961), Bhise et al (1962), 

developed the membrane theory to find the stress resultants of various types of conoidal shells with 

different loading and boundary conditions. They also attempted gradual simplifications of the 

theoretical formulations. Hadid (1964) used a variation method to study the bending characteristics of 

elastic conoids and analyzed both simply supported and clamped conoids using an integral equation 

technique. Choi (1984)
[1]

 modified the quadratic isoparametric element with the help of four extra 

non-conforming displacement modes added only to transverse displacements for analyzing thin shells. 

The extra modes were finally condensed out. Choi used this element for analyzing conoidal shell 

problems solved earlier by Hadid (1964). Ghosh and Bandyopadhyay (1989)
[2]

 reported a detailed 

static analysis of isotropic conoidal shells giving results of deflections, forces and moments. They 
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used an eight noded isoparametric doubly curved shallow shell finite element in their analysis. Most 

of the latest literatures (A. N. Nayak & J. N. Bandyopadhyay, 2006)
[4]

, S. Kumari & D. Chakravorty 

(2010)
[5]

 have dealt with static characteristics of clamped stiffened conoidal shell for different number 

and orientation of stiffeners. Suman Kumari & D. Chakravorty (2011)
[6]

 have considered eight noded 

isoparametric shell element for analyzing the bending behaviour of delaminated composites conoidal 

shells under uniformly distributed load with various practical boundary conditions. In this paper a 

static analysis of stiffened conoidal shell subjected to concentrated load has been presented by using 

finite element method. 

II. MATHEMATICAL FORMULATION 

For this mathematical formulation eight noded quadratic isoparametric shell element & a three noded 

curved beam element is used for solution by finite element method. In the present analysis the surface 

of stiffened shell is discretised into a number of finite elements, which is further considered as a 

combination of shell and beam elements. Formulation of the general curved shell element, having all 

the three radii of curvature Rx, Ry and Rxy using eight noded isoparametric quadratic elements, is 

derived on the basis of Mindilin-Reissner theory, satisfying C
0
 continuity for the interpolation 

functions. The stiffeners are modeled as three noded curved beam elements having the same set of 

displacement functions as that of the shell excluding the one across the stiffener longitudinal axis. 

Appropriate combinations of the element matrices of the shell and the beam elements results in the 

overall element matrices of the stiffened shell element are presented. 

2.1 Shell Element 

 

 

 

 

 

 

 

 

A doubly curved thin shallow shell of uniform thickness made of homogenous isotropic linearly 

elastic material is considered. The orientation of the shell in the global Cartesian coordinate system is 

show in Fig.1. 

The shell surface is discretized by curved quadratic elements, which are rectangles in plan.These 

rectangles are modeled as eight noded doubly curved isoparametric elements having four corner and 

four midside nodes [Fig.2]. The natural coordinate system of ξ and η of the isoparametric element, 

which is connected to the Cartesian coordinate system through the Jacobian matrix.  

2.1.1 Shape Functions 

For an isoparametric element the coordinates and displacements at any point within the element are 

represented by the coordinates and displacements of the nodes of the element and the shape functions. 

These are derived from an interpolation polynomial. The interpolation polynomial is a function of ξ 

and η and has the following from.  

( ) 2

7

2

6

2

54

2

3210, ξηηξηξηξηξηξ AAAAAAAAu +++++++=     (1) 

( ) 







−





−+=

2

2

4
b

y

b

y

a

x
hlhhhlz  

Fig.1 Orientation of the Shell in the Global Cartesian 

coordinate system 

 
 

Fig 2: Eight nodded curved Quadratic element 
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The shape functions derived from the interpolation polynomial are as 

 ( )( )( )111
4

1
−+++= iiiiiN ηηξξηηξξ  i = 1, 2, 3, 4 

 ( )( )211
2

1
ηξξ ++= iiN ,  i = 5, 7 

 ( )( )211
2

1
ξηη ++= iiN ,  i = 6, 8    (2) 

Where Ni denotes the shapes function at i
th
 node having natural coordinates ξi and ηi. 

The coordinates of any point (x, y) within the element are obtained as  

 ∑= ii xNx and ∑= ii yNy , i = 1,…., 8    (3) 

Where xi and yi are the coordinates of the i
th
 node.  

2.1.2 Generalized Displacement Fields and Nodal Degrees of Freedom 

A shell surface is modeled by three-dimensional solid elements. The thickness is considerably smaller 

than the other dimensions and the nodes along the thickness direction need additional degrees of 

freedom and hence are not preferred. When a two-dimensional element is obtained by condensing the 

thickness direction nodes, the displacements of adjacent thickness direction nodes must be ensured to 

be equal to avoid numerical difficulties. Thus five degrees of freedom including three translations (u, 

v, w) and two rotations (α, β) are attached to each node. The final element has midsurface nodes only 

and a line in the thickness direction remains straight but not necessarily normal to the midsurface after 

deformations.  

The generalized displacements at any point within the element can be interpolated from the nodal 

values as  
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Equation (4) can be written in a compact form  

 { } [ ]{ }edN=δ      (5) 

2.1.3 Strain-Displacement Equations 

According to the modified Sanders’ first approximation theory for thin shells 

(Sanders, 1959), the strain-displacement relationships are established as  

     (6) 

Where        {ε}=strain matrix  

                   [B]=strain-displacement matrix and  

                  {de}=nodal displacement vector  

2.1.4 Force-Strain Relationships 

{ } [ ]{ }edB=ε
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The force and moment resultants are obtained from the stresses as  
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where σx and σy are the normal stresses along X and Y directions, respectively and τxy, τxz and τyz are 

shear stresses in XY, XZ and YZ planes, respectively. The thickness of the shell is denoted by h.  The 

force-strain relation can be further derived from the stress-strain relations and finally can be presented 

as 

 

            (8) 

2.2 Stiffener Element 

An isoparametric curved three-node beam element is chosen with two end nodes and one middle node 

to model the stiffeners. The beam elements are oriented in natural coordinate system along ξ or η 

parallel to the global X or Y axes respectively, as shown in Fig. under. 

 

 

 

 

 

 

In the beam elements, each node has four degrees of freedom, u
sx

, w
sx

, αsx
 and βsx

 for x-directional 

stiffeners and v
sy

, w
sy

, αsy
 and βsy

 for y-directional stiffeners.  

The shape function, strain-displacement equation, and force strain relation of stiffener element has 

been derived as in case of shell element considering four degrees of freedom. 

2.3 Compatibility between Shell and Stiffener  

In order to maintain compatibility between the shell and beam elements, the stiffener nodal degrees of 

freedom have to be transformed to shell degrees of freedom considering the eccentricity and curvature 

of the stiffener. Considering the effect of eccentricity and curvature the axial displacement of any 

point in the midsurface of the x-stiffener 
sx

u can be expressed in terms of the axial displacement u  of 

a point in the midsurface of the shell as  

 αe
R

c
uu

x
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+= 1                                                                           (9) 

Or in compact form  

2.4 Formulating Static Problem 

{ } [ ]{ }εDF =
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The expression for static equilibrium can be stated as,  

 [ ]{ } { }QdK =                               

The above equation is solved by the Gauss elimination technique (Bathe, 2002) and from the global 

nodal displacement vector {d} thus obtained, the element displacement vector { }
ed  is known.  

III. VALIDATION 

Since the results either on static deflections or forces/moments of stiffened conoidal shell are not 

available in the literatures, the static results of simply supported unstiffened conoidal shell as obtained 

by the author are compared with those obtained by Hadid (1964) and Choi (1984).Additional 

problems on simply supported (SS) and clamped (CL) conoidal shell under central concentrated load 

are solved for different stiffener arrangements, depths and eccentricities.  

 

 

 

 

 

 

 

 

 

Simply supported conoidal shell details: a=1.83m, b=2.51m, hh=0.46m, hl=0.23m, h=0.013m, 

E=0.396×10 KN/m2, q=2.9356KN/m2 

IV. RESULTS AND DISCUSSIONS 

The results of the benchmark problem obtained by present method show good agreement with those 

obtained by Hadid (1964) and Choi (1984) establishing the correctness of the present approach. The 

present benchmark solution establishes the correct incorporation of Rxy in the mathematical model 

used in the present study. The other problems, which are solved to explore the different aspects of 

static behaviour of stiffened conoidal shells, are also checked for convergence and only converged 

results are reported.  

4.1 Convergence Study  

The results on deflection and stress resultants presented here have been obtained for a mesh size of 

12x12 for which convergence of values for these shell actions has occurred. One such convergence 

study has been depicted in the Table 1 for transverse downward deflections. The mesh size has been 

made progressively finer beyond which the difference in values doesn’t exceed more than one 

percent. 

 

Fig 3 Deflection at y/b = 1/2 
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Mesh 

size 
Deflection Value 

4x4 -0.0763 
8x8 -0.4162 

 

4.2 Effect of Stiffener Number and Arrangement on Deflection

From the results of Table 2 it is evident that as expected the stiffeners always play a positive role in 

arresting maximum deflections. When a single central stiffener (n

stiffeners (nx=ny=1) is added to a bare shell the deflection is reduced drastically. When the number of 

stiffeners along x or y or along both the directions are increased the improvements

not that significant. It is interesting to note that for a given number of stiffeners and boundary 

condition the performances of curved y

straight x-stiffeners.   

Table.2: Maximum values of non-

Stiffener 

arrangement 

Along x-direction

(nx = n, n

Edge 

Condition 
SS 

n = 0 
-0.119×10

-1 

(0.50,0.50)
 

n = 1 
-0.984 ×10

-2 

(0.50,0.50)
 

n = 3 
-0.930×10

-2
 

(0.50,0.50)
 

n = 5 
-0.869×10

-2
 

(0.50,0.50)
 

a/b=1, a/h=100, a/w

The eccentricities of stiffeners are negative. The values in parentheses indicate the 

coordinates (x/a, y/b) of the points of occurrences of maximum shell actions.

 

 

 

 

 

Fig.5: Deflection curve of simply supported and clamped stiffened conoidal shell at   x/a=1/2 under 

concentrated load and (nx= ny=1) 

Maximum values of non-dimensional tensile in

dimensional anticlockwise in-plane shear 
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Table 1 

Mesh size 
Deflection 

Value 
Mesh size 

10x10 -0.4206 14x14 
12x12 -0.4489 16x16 

Effect of Stiffener Number and Arrangement on Deflection 

From the results of Table 2 it is evident that as expected the stiffeners always play a positive role in 

arresting maximum deflections. When a single central stiffener (nx =1 or ny=1) or a pair of central 

=1) is added to a bare shell the deflection is reduced drastically. When the number of 

along both the directions are increased the improvements

cant. It is interesting to note that for a given number of stiffeners and boundary 

condition the performances of curved y-stiffeners are found to be far better compared to that of the 

-dimensional downward deflection ( w− ) of stiffened conoids under

point load 

direction 

= n, ny=0) 

Along y-direction 

(nx =0, ny=n) 

Along both x and

directions

(n

CL SS CL SS 

-0.881×10
-2

 

(0.50,0.50)
 

-0.119×10
-1 

(0.50,0.50) 

-0.881×10
-2

 

(0.50,0.50) 

-0.119×10

(0.50,0.50)

-0.669×10
-2

 

(0.50,0.50) 

-0.0221×10
-2 

(0.50,0.50) 

-0.205×10
-2 

(0.50,0.50) 

-0198×10

(0.50,0.50)

-0.656×10
-2 

(0.50,0.50) 

-0.212×10
-2 

(0.50,0.50) 

-0.202×10
-2 

(0.50,0.50) 

-0.175×10

(0.50,0.50)

-0.617×10
-2 

(0.50,0.50)
 

-0.203×10
-2 

(0.50,0.50) 

-0.196×10
-2 

(0.50,0.50) 

-0.149×10

(0.50,0.50)

=1, a/h=100, a/ws=50, hs/h = 2, a/hh =5 , a/hl=20, υ = 0.3

The eccentricities of stiffeners are negative. The values in parentheses indicate the 

) of the points of occurrences of maximum shell actions. 

Deflection curve of simply supported and clamped stiffened conoidal shell at   x/a=1/2 under 

dimensional tensile in-plane force ���� and ����  Maximum values of non

plane shear ����� Maximum values of non-dimensional hogging 
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Deflection Value 

-0.450 
-0.452 

From the results of Table 2 it is evident that as expected the stiffeners always play a positive role in 

=1) or a pair of central 

=1) is added to a bare shell the deflection is reduced drastically. When the number of 

along both the directions are increased the improvements of deflection are 

cant. It is interesting to note that for a given number of stiffeners and boundary 

stiffeners are found to be far better compared to that of the 

) of stiffened conoids under central 

Along both x and y 

directions 

(nx = ny = n) 

CL 

10
-1 

(0.50,0.50)
 

-0.881×10
-2

 

(0.50,0.50) 

10
-2 

(0.50,0.50) 

-0176×10
-2 

(0.54,0.50) 

10
-2 

(0.50,0.50) 

-0.163×10
-2 

(0.50,0.50) 

10
-2 

(0.50,0.50) 

-0142×10
-2 

(0.50,0.50) 

= 0.3 

The eccentricities of stiffeners are negative. The values in parentheses indicate the non-dimensional 

Deflection curve of simply supported and clamped stiffened conoidal shell at   x/a=1/2 under 

Maximum values of non-

dimensional hogging 
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moment ���				�and ���				�, Maximum values of non-dimensional anticlockwise torsion ���					, Maximum 

values of non-dimensional in-plane compressive force �−��						�and �−��						�, Maximum values of non-

dimensional sagging moment �−��						�and �−��						� of stiffened conoids under central point load has also 

been computed. 

4.3 Effect of Boundary Condition on Deflection 

Clamped shells have more number of boundary constraints compared to the simply supported ones 

and hence the former is expected to yield lesser deflection. The results furnished in Table 2 reflect this 

tendency. For bare and x-stiffened shells the relative superiority of clamped boundary over simply 

supported one is very prominent. However, when y-stiffener or stiffeners along both the directions are 

provided the deflections for simply supported and clamped shells come close to one another. Simply 

supported shells with stiffeners are often found to exhibit deflections less than clamped shells with no 

or fewer number of stiffeners. Hence the stiffeners can adequately make up the gap of rigidity 

between simply supported and clamped shells. However, to specifically assess the performances of 

two shell options due weightage should be given to force and moment resultants apart from static 

deflections. Hence in the following sections the different force and moment resultants are presented 

and discussed in details. 

To conclusively select a particular shell configuration among the best two options i.e. CL/3, 3 and 

SS/5, 5 a relative performance matrix may be developed by taking all the above shell actions. Among 

the above two choices a value of 1 is assigned to the superior combination and 0 is assigned to the 

inferior combination with respect to the different shell actions. Both the shell options may be assigned 

a value of 1 if the value of a particular shell action for the relatively inferior shell option is not more 

than 10% of that of the relatively superior one. The relative performance matrix presented in Table 3 

makes the CL/3, 3 option as the better choice. Such matrices may be used to compare any two options 

when a designer has to take a firm decision regarding selection of one between the two possible 

configurations.  

Table 3: Relative performance matrix considering CL/3,3 and SS/5,5 shell configurations 

Shell 

Actions w−  xN  yN  
xyN  

xM  yM  
xyM  

xN−  yN−
 xM−

 yM−
 

Total
 

SS/5,5 1 0 0 1 0 1 0 0 1 1 1 6 

CL/3,3 1 1 1 0 1 0 1 1 1 1 1 9 

 
Table 4: Maximum values of non-dimensional shell actions of stiffened conoid (CL/3,3) for different stiffener 

depths 

Shell 

actions 
hs/h = 0 hs/h = 1 hs/h = 2 hs/h = 3 hs/h = 5 hs/h = 10 

w−  -0.882 ×10
-2

 

(0.50,0.50) 

-0.298 ×10
-2

 

0.50,0.50) 

-0.163 ×10
-2

 

(0.50,0.50) 

-0.106 ×10
-2

 

(0.50,0.50 

-0.585 ×10
-3 

(0.50,0.50) 

-0.234 ×10
-3 

(0..50,0.50) 

xN  
0.450 ×10

1
 

(0.00,0.50) 

0.174 ×10
1
 

(0.35,0.50) 

0.211 ×10
1
 

(0,25,0.50) 

0.213 ×10
1
 

0.25,0.50 

0.171 ×10
1
 

(0.25,0.50) 

0.801 

(0.25,0.50) 

yN  0.204 ×10
1
 

(0.33,0.50) 

0.107 ×10
1
 

(0.25,0.42) 

0.581 

(0.25,0.42) 

0.265 

(0.16,0.50) 

0.108 

(0.25,0.00) 

0.575 

(0.50,0.00) 

xyN  0.570 ×10
1
 

(0.42,0.33) 

0.197 ×10
1
 

(0.33,0.33) 

0.214 ×10
1
 

(0.46,0.42) 

0.194 ×10
1
 

(0.46,0.42) 

0.146 ×10
1
 

(046,0.42) 

0.815 

(0.46,0.42) 

xM  
0.240 ×10

-1
 

(0.42,0.50) 

0.662 ×10
-2

 

(0.25,0.50) 

0.473 ×10
-2

 

(0.42,0.33) 

0.382 ×10
-2

 

(0.42,0.33) 

0.279 ×10
-2 

(0.42,0.33) 

0.168 ×10
-2 

(0.42,0.42) 

yM  0.357 ×10
-1

 

(0.50,0.33) 

0.994 ×10
-2

 

((0.42,0.33) 

0.580 ×10
-2

 

(0.42,0.33) 

0.411 ×10
-2

 

(0.42,0.33) 

0.317 ×10
-2 

(0.42,0.42) 

0.188 ×10
-2 

(0.42,0.42) 

xyM  0.232 ×10
-1

 

(0.42,0.42) 

0.737 ×10
-2

 

((0.42,0.42) 

0.372 ×10
-2

 

(0.42,0.33) 

0.255 ×10
-2

 

(0.33,0.42) 

0.150 ×10
-2 

(0.33,0.42) 

0.693 ×10
-3

 

(0.33,0.42) 

xN−  
-0.107 ×10

2
 

(0.50,0.500 

-0.118 ×10
2
 

(0.50,0.50) 

-0.882 ×10
1
 

(0.50,0.50) 

-0.703 ×10
1
 

(0.50,0.50) 

-0.514 ×10
1
 

(0.50,0.50) 

-0.304 ×10
1
 

(050,0.50) 

yN−  -0.231 ×10
2
 

(0.50,0.50) 

-0.284 ×10
2
 

(0.66,0.33) 

-0.214 ×10
2
 

(0.50,0.50) 

-0.164 ×10
2
 

(0.50,0.50) 

-0.107 ×10
2
 

(0.50,0.50) 

-0.533 ×10
1
 

(0.50,0.50) 
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a/b=1, a/h=100, a/ws=50, a/hh =5 , a/hl=20, υ = 0.3 

For all the cases the eccentricities of stiffeners are negative. The values in parentheses indicate the 

non-dimensional coordinates (x/a,y/b) of  the points of occurrences of maximum shell actions. 

Table 5: Maximum values of non-dimensional shell actions of stiffened conoid (CL/3,3) for different stiffener 

eccentricities 

a/b=1, a/h=100, a/ws=50, hs/h=3,hh/a = 5, hl/a = 20, υ = 0.3 

The values in parentheses indicate the non-dimensional coordinates (x/a, y/b) of the points of 

occurrences of maximum shell actions. 

4.4 Effect of Stiffener Depth on Different Shell Actions 

To study the effect of stiffener depth on the different shell actions the hs/h ratio is increased discretely 

from 0 to 10 for a clamped shell with nx=ny=3 and the results are furnished in Table 4. It is observed 

that 7 out of 11 shell actions exhibit a monotonic decreasing tendency with increase in stiffener depth. 

These shell actions include the deflection, sagging moments, which in the present case govern the 

shell depth. Departures from this general tendency are noted for tensile	���				�, ����					�and compressive 

��				 and	��				. The critical compressive in-plane forces which also have a role in determining the shell 

depth show decreasing tendency as hs/h varies from 1 to 10 although these values exhibit an initial 

increasing tendency when a bare shell is stiffened with hs/h =1.For positive ��				 and ���					 a decreasing 

tendency of the values with increase in hs/h ratio is noticed in general although for some intermediate 

values of hs/h this tendency is not strictly true. Since almost the entire shell actions exhibit improving 

tendency with increase in hs/h ratio a maximum limit of the ratio may be assigned to 3.  

  

xM−  
-0.209 

(0.50,0.50) 
-0.519 ×10

-1
 

(0.50,0.50) 

-0.191 ×10
-1

 

(0.50,0.50) 

–0.108 ×10
-1

 

(0.50,0.42) 

-0.715 ×10
-2 

(050,0.42) 

-0.356 ×10
-2 

(050,0.42) 

yM−  -0.238 

(0.50,0.50) 
-0.602 ×10

-1
 

(0.50,0.50) 

-0.226 ×10
-1

 

(0.50,0.50) 

-0.151 ×10
-1

 

(0.58,0.50) 

-0.939 ×10
-2 

(0.58,0.50) 

-0.445 ×10
-2 

(058,0.50) 

Shell 

actions 

Eccentricity values 

e/h = -2 e/h = 0 e/h = +2 

w−  -0.106 × 10
-2 

(0.50, 0.50) 
-0.170 ×10

-2 
(0.50, 0.50) 

-0.107 ×10
-2 

(0.50, 0.50) 

xN  
0.213 × 10

1 
(0.25,0.50) 

0.341 
(0.42,0.17) 

0.212 × 10
1 

(0.25,0.50) 

yN  0.265
 

(0.17,0.50) 
0.525 

(0.17,0.50) 
0.259

 

(0.17,0.50) 

xyN  0.194 × 10
1 

(0.46,0.42) 
0.140 × 10

1 
(0.46,0.42) 

0.199 × 10
1 

(0.46,0.42) 

xM  
0.383 × 10

-2 
(0.42,0.33) 

0.489 × 10
-2 

(0.42,0.33) 
0.382 × 10

-2 

(0.42,0.33) 

yM  0.411 × 10
-2 

(0.42,0.33) 
0.655 × 10

-2 
(0.42,0.33) 

0.412 × 10
-2 

(0.42,0.33) 

xyM  0.255 ×10
-2 

(0.33,0.42) 
0.388 ×10

-2 
(0.33,0.42) 

0.256 × 10
-2 

(0.33,0.42) 

xN−  
-0.703 × 10

1 
(0.50,0.50) 

-0.237 × 10
1 

(0.50,0.50) 
-0.705 × 10

1 
(0.50,0.50) 

yN−  -0.164 × 10
2 

(0.50,0.50) 
-0.145 ×10

2 
(0.50,0.50) 

-0.168 × 10
2 

(0.50,0.50) 

xM−  
-0.108 × 10

-1 
(0.50,0.42) 

-0.191 × 10
-1 

(0.50,0.50) 
-0.108 × 10

-1 
(0.50,0.42) 

yM−  -0.151 × 10
-1 

(0.58,0.50) 
-0.230 ×10

-1 

(0.46,0.50) 
-0.152 × 10

-1 

(0.58,0.50) 
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4.5 Effect of Stiffener Eccentricity on Different Shell Actions 

To study the effect of eccentricity on displacement, force and moment resultants a typical example of 

clamped shell with 3 stiffeners running in each direction having hs/h =3 is taken up in the present 

section. The eccentricity is designated as negative or positive depending on whether the stiffener lies 

below or above the shell surface respectively. The eccentricity is zero when the mid surfaces of the 

shell and the stiffener coincide. It is observed from Table 5 that shells with positive or negative 

eccentricity exhibit almost equal values of all shell actions and hence a designer has the flexibility of 

providing the stiffeners above or below the shell surface being governed by functional requirements 

only. It is observed that eccentrically stiffened shells are better than concentrically stiffened ones in 7 

out of 11 shell actions considered here including the transverse deflection and the moments which 

normally govern the shell depth. However, for compressive in-plane forces, tensile���				) and ����					� the 

shell with e/h = 0 exhibits a better performance. The major in-plane compressive force (��				) which 

also has a role in determining the shell depth shows the lowest value for e/h = 0 although the value is 

only 12.5% lower than the corresponding values for eccentrically stiffened shells. Hence judging the 

overall performances, eccentrically stiffened shells shall always be preferred if no functional 

restriction is violated. 

It is also extremely interesting to note that the points of occurrences of the critical shell actions are 

identical whether eccentricity is positive, negative or zero in almost all cases. The few exceptions to 

this general trend are noted for tensile ��				 and hogging moments for concentrically stiffened shells 

only. 

 

. 

 

 

 

 

 

 
 

 

 

V. CONCLUSIONS 

The following conclusions are drawn from the present study.  

1) The mathematical formulation as per Sanders’ shallow shell theory applied here for conoidal 

shell can be confidently recommended to analyze static characteristics of stiffened ruled surfaces 

as the benchmark problem taken up in the present work exhibit excellent agreement between the 

present and established results available in the literature. 

2) The present study includes detailed results of static shell actions with different practical variation 

of shell curvature and boundary, number of stiffeners, position, depth and size. 

3) The curved stiffeners along y-direction are more efficient in reducing the deflections of conoids 

compared to the straight ones along x-direction.  

4) For bare and x-stiffened shells the clamped edge gives much lesser deflections than the simply 

supported edge. When stiffeners are provided along y-direction or both directions the deflections 

of clamped and simply supported shells come relatively closer.  
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5) Eccentrically stiffened shells are found to be better choices than the concentrically stiffened ones 

and whether the eccentricity of stiffeners is positive or negative matters very little.  

6) The relative performance matrices that are present at places will provide a rational approach to 

select a particular shell option from many possibilities, a decision often a practicing engineer has 

to make.  

7) These results are expected to serve as important design aids to practical engineers.  

VI. FUTURE SCOPE 

There is scope of carrying out similar investigations on other shell forms like the hyperbolic and 

elliptic paraboloids and the spherical shells. Similar study can also be carried on composite shell 

surfaces. Apart from the above areas shells with non-rectangular cutouts, shells suffering support 

settlements, shells on non-rectangular plan forms, shells under initial hygrothermal pressure are some 

other areas where future research activities can be carried on. Buckling and stability analysis of 

stiffened shells, random vibration response of such shells are also the areas, which need more 

attention.  
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NOTATIONS 

a, b Length and width of shell in plan 

A0…..A8 Constants of displacement polynomial 

{ }nd  Vector containing element nodal displacements and rotations  

[ ]D  Elasticity matrix of shell element  

[ ]sxD  Elasticity matrix of x- stiffener 

[ ]syD  Elasticity matrix of y- stiffener 

e Eccentricities of  both x and y direction stiffeners with respect to Shell midsurface 

E, G Young’s modulus and shear modulus respectively 

h, hs Shell thickness and stiffener thickness respectively 

hh, hl higher and lower heights of conoid respectively 

yx kk ,  Parameters of curvature variation of shell 

xyk  Parameter of torsion 

yx MM ,  Non-dimensional moment resultants per unit length  

 [=(Mx or My)/qa
2
] or [=(Mx or My)/P] 

xyM  Non-dimensional torsion resultant per unit length 

 [=Mxy /qab] or [=Mxy /P] 

nx, ny number of stiffeners in x and y directions respectively 
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yx NN ,  Non-dimensional in-plane force resultants per unit length 

 [=(Nx or Ny)/qa] or [=(a Nx or a Ny)/P] 

xyN  Non-dimensional in-plane shear resultant per unit length 

 [=Nxy/qa] or [= a Nxy/P] 

P, q magnitudes of concentrated and distributed loads respectively 

yx QQ ,  Transverse shear resultants of shell per unit length 

u,v,w  displacement along x, y and z axes respectively 

w  Non-dimensional transverse deflection 

 [= wEh
3
/(qa

4
)] or [= wEh

3
/Pa

2
] x , y  x/a and y/b 

X, Y, Z global coordinate axes  

α,β Rotations vectorially along y and x axes respectively 

yx εε ,  Normal strains 

γxy , γxz, γyz    shear strains 

υ Poisson’s ratio 

ξ , η Local natural coordinates of an element 

ρ mass density of shell and stiffeners 
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ABSTRACT 

The steep rises in the prices of the petroleum fuels and the concern for the environment have forced the 

researchers to find alternative renewable fuels which are called bio-fuels.  The objective of this work is to find 

the optimum EGR and biodiesel blend matrix for the better performance and optimum emission reduction in a 

DI diesel engine. The bio fuel used in the experimentation is derived from the Neem oil. A twin-cylinder, air-

cooled, constant speed direct injection diesel engine is used for experiments. HC, NOx, CO, and smoke of the 

exhaust gas are measured. Various engine performance parameters such as thermal efficiency, and brake 

specific fuel consumption are calculated from the acquired data. As the percentage of bio diesel increased in 

diesel and bio fuel blend the NOx emission increased. In order to reduce the emission from bio diesel EGR is 

used. Application of EGR with biodiesel blends resulted in reductions in NOx emissions without any significant 

penalty in smoke emissions. The results reveal that the Blend 100 (100 % bio fuel) produces maximum NOx 

emission (300 ppm). With 25% volume flow rate of EGR with the same B100 bio diesel, the NOx emission is 

reduced approximately 300 ppm to 100 ppm 

KEYWORDS: NOx, EGR, MENO, Injection pressure, and Crank angle. 

I. INTRODUCTION 

Bio diesels are attractive alternatives to conventional fuels. They can be combined with diesel or used 

as sole fuel. As the biodiesel content increases the NOx emission also increases due to its higher 

oxygen content. [1]. Consequently, Diesel engine combustion generates large amounts of NOx 

because of the high flame temperature in the presence of abundant oxygen and nitrogen [2,3].There is 

a concern that the brake thermal efficiency may decrease with increasing EGR rates, however this 

decrease is marginal [4]. Experimental investigations were conducted by many researchers from 

methyl esters of sunflower oil [5]. Previous studies [6] show that diesel and bio diesel blends give 

lower carbon monoxide and smoke emissions but higher oxides of nitrogen (NOx) emissions as 

compared with conventional diesel fuel. Researchers [7-10] throughout the world are pursuing the 

usage of bio diesel as an alternate fuel in diesel engines. Bio diesel also improves engine lubrication 

and hence improves engine life. Straight vegetable oils or their blends with diesel pose various long-

term operational and durability problems in compression ignition engines, e.g., poor fuel atomization, 

piston ring-sticking, fuel injector coking and deposits, fuel pump failure, and lubricating oil dilution, 

etc.  

1.1 Mechanism of NOx formation 

It is very difficult to theoretically estimate the exact quantity of NOx formed inside a Diesel engine 

due to its heterogeneous nature of combustion. While NO and NO2 are lumped together as NOx , 

there are some distinctive differences between these two pollutants. NO is colourless and odourless 
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gas, while NO2 is a reddish brown gas with pungent odour. Both gases are considered toxic, but NO2 

has a level of toxicity 5 times greater than that of NO. Although NO2 is largely formed from oxidation 

of NO, attention has been given on how NO can be controlled before and after combustion The 

formation of NOx is explained by Zeldovich Mechanism. 

II. EXPERIMENTAL SETUP 

The experiment was conducted in a four strokes, two cylinder, and constant speed compression 

ignition engine. The engine was Simpson make and water cooled, vertical, direct- injection. The 

engine is coupled with a dynamometer. The specification of the engine is given in table 1. At the rated 

speed (1500RPM), the engine develops approximately 7.46 KW (10 HP) power output. The objective 

of developing this experimental test setup is to investigate and demonstrate the effects of various EGR 

rates and other engine parameters on exhaust emissions from the engine. A long route hot EGR 

system is chosen based on its merits. Several components of this EGR system have been designed and 

fabricated. 

Table I. Engine Specifications 

Type Vertical inline diesel engine 

No – of cylinder 2 

Bore 91.4 mm 

Stroke 127mm 

Displacement 1670 cc 

Compression    ratio 18.5:1 

Cycle 4 stroke 

Power 7.46 k w (10 H.P) 

Speed 1500RPM 

Orifice diameter 22 mm 

Combustion system Direct injection 

Cooling system Water cooling 

Loading device Swing field dynamometer 

 

An air box is designed to measure the volumetric flow rate of intake air to the engine. It is mounted on 

the inlet pipe between the air filter and the inlet manifold of the engine as shown in Fig. 1. The air box 

dampens out the fluctuations of the intake air. A diaphragm is provided on the side of the air box for 

dampening out the local undulations effectively. The air box is fitted with an orifice (shown in fig 1) 

for volumetric flow rate measurement of air. A U-tube manometer is mounted across the orifice, to 

measure the pressure difference inside the air box and the atmosphere. The coefficient of discharge of 

the orifice is found experimentally to be 0.602. The properties of diesel and Bio diesel used in the 

experimentation are given in the table 2 

Table 2 Properties of Diesel and Neem Oil 

PROPERTIES DIESEL NO MENO 

Density (kg m−3) 830 912-965 820-940 

Viscosity(cSt) 4.7 20.5-48.5 3.2-10.7 

Flash point(◦C) 60 214 120 

Cetane number 45 31-51 48-53 

Calorific value(MJkg−1) 42 32-40 39.6-40.2 
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Sulfur (ppm) 0.042 1990 473.8 

Saponification value - 175-200 - 

Iodine value - 65-80 - 

Titre (◦C) - 35-36 - 

Fire point (◦C) 65 222 128 

Pour point (◦C) -16 10 2 

Cloud point (◦C) -12 19 9 

Total glycerine (%) - - 0.26 

Free glycerine (%) - - 0.02 

Oxidation stability (h), 110 ◦C 3-6 min 12.4 7.1 

Cold filter plugging point (◦C) - 11 - 

Carbon residue (% mass) 0.17 - 0.105 

Water content (%) 0.02 0.098 0.036 

2.1Experimental    program     

The engine tests were conducted at constant speed of 1500 rpm at the maximum load range. 

Performance parameters such as break thermal efficiency, NOx, particulate matter, smoke density, 

CO, HC, CO2, and O2 were measured for the following different attempts. 

[i]Normal engine setup (Fuel used-diesel)at different loads. 

[ii] changed the injection pressure (235,240,245 Kg/cm
2
) at different loads. 

[iii]Vary the injection timing (20°, 22°,24°,26°,28° BTDC) at different loads. 

[iv]It is observed that the minimum value of NOx is obtained in the following Engine conditions 

(I.P240 kg/cm
2
, I.T-24° BTDC, Max load 80%,Speed-1500 rpm) 

[v] Run the Engine with Methyl Ester of Neem Oil (MENO) and its blends (B25, B50, B75 and B100) 

with the above said Ranges. 

[vi]It was observed that the max value NOx is got on B100. 

[vii]Implemented different flow rates EGR for B100 and the results are discussed.  

 

Fig. 1EGR Flow test bench  

Part of the exhaust is to be recirculated and put back to the combustion chamber along with the intake 

air. The quantity of this EGR is to be measured and controlled accurately hence a by-pass for the 

exhaust gas is provided along with the manually controlled EGR vale.  The exhaust gas comes out 

of the engine during the exhaust stroke at high pressure. It is pulsating in nature. It is desirable to 

remove these pulses in order to make the volumetric flow rate measurements of the recirculating gas 
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possible. For this purpose, another smaller air box with a diaphragm is installed in the EGR route. An 

orifice meter is designed and installed to measure the volumetric flow rate of the EGR. 

The detailed schematic line drawing of the experimental EGR system is shown in fig 1. A u-tube 

manometer is mounted across the orifice in order to measure the EGR flow rate. Suitable 

instrumentation is provided to acquire useful data from various locations. Thermocouples are 

provided at the intake manifold, exhaust manifold and various points along the EGR route.  

The smoke density was observed by using the AVL smoke meter. The amount of particulate matter 

emitted was found by passing the exhaust gases through a glass filter paper placed in High volume 

sampler (HVAS) for time durations of one minute. The oxides of nitrogen were analysed using an 

exhaust gas analyser (EGA).The pressure difference across the orifice is used to calculate the EGR 

rate. A matrix of test conditions is used to investigate the effect of EGR on exhaust gas temperature. 

III. RESULTS AND DISCUSSIONS 

The engine parameters such as brake thermal efficiency (BTE), smoke density, oxides of nitrogen 

(NOx), particulate matter, carbon monoxide (CO), hydro carbon (HC), carbon-di-oxide (CO2) and 

oxygen (O2) are presented for various percentages of EGR Valve openings. 

 

Fig. 2.Heat Release Rate curves for various fuel blends 

Fig.2 shows HRR for sole and various MENO blends such as (B25-B100).It is seen that sole fuel 

produce more rapid increase for heat released during the initial part of the combustion whereas the 

blends produce slower heat release rate up to 5
o
TDC. Then all the blends of fuel (B25 –B100) and 

sole fuel (Diesel) produce same HRR. Even though the biodiesel contain Oxygen molecules, it 

produce lower heat release rate compared to sole fuel(diesel).This is due to the strong bonding 

between oxygen and other HC molecules in the Biofuel, which needs addition energy to break the 

bond, and hence a lower HRR. But once all the bonds are broken in Biodiesel, they show the similar 

Heat Release pattern as that of diesel. 

 
Fig.3 Temporal variation of pressure for various blends 
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Fig.3 shows the temporal variation of pressure for various blends of biodiesel and base fuel. This 

again shows a similar trend, where diesel fuel producing a higher pressure initially. The pressure 

produced by various blends show similar values approximately 15
o
TDC. This is in conformance with 

heat release pattern. 

 

Fig 4. Cyclic variation of cylinder pressure 

 

Fig 4 shows the cyclic variation of cylinder pressure for fuel and biodiesel blends. Hence again the 

cyclic variations produced by biodiesel blends are lower compared to diesel fuel. 

3.1 Emission Characteristics without EGR for Diesel and Meno 

3.1.1. Brake thermal efficiency 

Brake Thermal efficiency (BTE) indicates the ability of the combustion system to accept the 

experimental fuel, and provides comparable means of assessing how efficient the energy in the fuel 

was converted to mechanical output. BTE results are presented in Fig. 5. It is observed that the BTE 

was higher for diesel fuel than blends of MENO without EGR with the same operating conditions. 

 

Load-80%, IP-240Kg/cm2, IT-24ºBTDC 

Fig. 5 Brake Thermal EfficiencyVs% concentration of fuel 

3.1.2 Oxides of Nitrogen (NOx) 

The most troublesome emissions from CI engines are NOx. The oxides of nitrogen in the exhaust 

emissions contain nitric oxide (NO) and nitrogen dioxide (NO2). The formation of NOx is highly 

dependent on in-cylinder temperatures, the oxygen concentration, and residence time for the reaction 

to take place and. The changes in the NO emissions at different blends and sole fuel are shown in Fig. 

6. It shows that the NO emissions are decreased for B 25 and maximum for B100 at low load at 

specified speed, injection pressure and injection timings. The significant decrease in the peak cylinder 

pressure is also observed for blends at this load indicating the decrease in the  in-cylinder gas 

temperature owing to higher latent heat of vaporization of biofuel and increased ignition delay due to 

lower Cetane index. 
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Load-80%, IP-240Kg/cm2, IT-24ºBTDC 

Fig. 6 NOx Vs % concentration of fuel 

3.1.3. Smoke Density  

The formation of smoke is strongly dependent on engine load types of fuel used. The air fuel ratio 

decreases with increase in load as the fuel injected increases, resulting in higher smoke. From the 

Fig.7 smoke densities are higher in values for all blends of MENO than sole fuel for specified speed, 

injection pressure and injection timings.  

 

Load-80%,IP-240Kg/cm2,IT-24ºBTDC 

Fig. 7 Smoke density Vs% concentration of fuel 

3.1.4. Hydro Carbons (HC) 

The use of bio-diesel in a conventional diesel engine results in substantial reduction of unburunt 

hydrocarbons. From the figure, 8 it is observed that the HC emissions are higher in values for the sole 

fuel. Among the blends of MENO  it is maximum for B50 for the  specified  speed, injection pressure 

and  injection timings.  

 

Load-80%,IP-240Kg/cm2,IT-24ºBTDC 

Fig.8 HC Vs % concentration of fuel 
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3.1.5. Particulate Matter 

The use of bio-diesel in a conventional diesel engine results in substantial reduction of CO and 

particulate matter. The use of bio-diesel reduces the solid carbon fraction of particulate matter (since 

oxygen in bio-diesel enables more complete combustion of carbon dioxide) and eliminates sulphur 

fractions in the fuel. 

 

Load-80%,IP-240Kg/cm2,IT-24ºBTDC 

Fig. 9 PM Vs% concentration of fuel 

From Fig 9 Due to less oxygen content in MNEO the particulate emission  is slightly higher in all 

blends of MENO for specified  speed, injection pressure and  injection timings.  

3.2 Effects of EGR Rate on Emission Characteristics for Biodiesel (Meno) 

The NOx emission is higher in all the blends of diesel- biodiesel peaking to a maximum with 100 % 

biodiesel fuel called B100. Hence the well proven techniqueof Exhaust gas Recirculation was 

implemented at different volume flow rates(25%, 50%,75%, 100% opening of EGR valve and no 

EGR) for the biodiesel B100 at a  specified  speed of 1500 rpm withan injection pressure of 240 

kg/cm
2
 and the   injection timing(24°BTDC).  

3.2.1. Brake thermal efficiency  

From the Fig.10 BTE is slightly increased for blend100 and 50% EGR valve opening compared to 

diesel fuel at high loads of both speeds and all injection timings. This can be attributed to the rapid 

premixed combustion part possessed by bio-diesel blends because of improved mixing during ignition 

delay, oxygen enrichment, leading to higher percentage of ‘constant volume’ combustion and to the 

lower heat losses and ‘leaner’ combustion .  

 

Fig 10 Brake Thermal Efficiency and various EGR Rates 

The improvement of diffusive combustion phase would have also resulted due to oxygen enrichment. 

In addition, the total combustion duration is shortened for blends. The heat release process is almost 

completed at the position of same crank angle. Based on these reasons, the energy consumption rate 
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of blends decreased and BTE increased as reported in, and However results obtained in are showing 

the opposite trends. This indicates that the biodiesel which is acting as a Cetane improver, kept the 

combustion process centered also for high bio-diesel contents blends especially at high loads. 

3.2.2 Oxides of Nitrogen (NOx) 

It is a well-known fact that NO formation is strongly depending on the cylinder gas temperature, 

residence time for the reaction, provided the excess air is available during the combustion process. 

From the Fig. 11 observed that the NOx values are drastically decreased at 25% EGR valve opening 

and more in without EGR. That is the value of NOx is reduced more than sixty percentage of the 

original value (without EGR). 

 

Fig 11 NOx and various EGR Rates 

3.2.3. Smoke Density  

The results show that the smoke is almost constant for the flow rates of EGR valve openings except 

0.0275 m
3
/ sec for the specified conditions for bio-diesel fuel. The formation of smoke is strongly 

dependent on engine load. The air fuel ratio decreases with increase in load as the fuel injected 

increases, resulting in higher smoke 

 

Fig 12 Smoke density and various EGR Rates 

From Fig. 12 it is observed that smoke decreases for blends compared to diesel fuel, especially at high 

loads of all injection timings and speeds. The presence of atomic bound oxygen in ethanol satisfies 

positive chemical control over soot formation. The tendency to generate soot by the fuel dense region 

inside a blend diffusion flame sheath is reduced, due improved mixing owing to better atomization 

and vaporization of blends. Excessive smoke is observed for 25% EGR valve opening at the specified 

conditions.  The heat release diagram shows that the premixed combustion is very slow and entire 

heat release is shifted late in the expansion stroke at these operating conditions. This would have 

resulted in insufficient timing for soot oxidation (exhaust valve opens before the completion of soot 

oxidation) and produced smoke to such a high level. 
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3.2.4. Hydro Carbons (HC) 

The use of bio-diesel in a conventional diesel engine results in substantial reduction of unburunt 

hydrocarbons. From the Figure, 13 it is observed that the HC emissions are gradually decreased with 

increasing EGR flow rates for the specified injection pressure (240 kg/cm
2
) at a speed of 1500 rpm 

with a constant injection timing of 20°BTDC for the bio-diesel fuel 

 

Fig. 13 HC for various EGR Rates. 

3.1.5. Particulate Matter 

The use of bio-diesel in a conventional diesel engine results in substantial reduction of  particulate 

matter. The use of bio-diesel reduces the solid carbon fraction of particulate matter (since oxygen in 

bio-diesel enables more complete combustion of carbon dioxide) and eliminates sulphur fractions in 

the fuel. From the Fig.14 it observed that a slight difference in PM in different EGR flow rates. That 

is increase in flow rates of exhaust gas tend to reduce the PM.   

 

Fig 14 PM Emission for various EGR Rates 

IV. CONCLUSION 

The significant conclusion arrived from the experimental investigation are summarized. In this present 

work, maximum percentage valve opening of exhaust gas recirculation system shows reduction of 

NOx, CO and O2, when compare with normal diesel engine. 

� There is no appreciable change in break thermal efficiency in the implementation of the EGR. 

� The NOx level drastically decreases (approximately more than 50%) with 25 percentage EGR 

valve opening with the neat bio-diesel fuel for the specified conditions of Injection Pressure, Injection 

Timing, Speed and Load. 

� Smoke and particulate matter emission level increases with 25 percentage EGR valve opening 

with B100 fuel(MENO). 

� The Hydro carbon level decreases with adding of 25 percentage EGR valve opening to the 

bio-diesel fuel. 
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ABSTRACT 

Cancer cells spread to more distant parts of the body through the lymphatic system or bloodstream. Not all 

tumors are cancerous. Benign tumors do not grow uncontrollably, do not invade neighboring tissues, and do not 

spread throughout the body. Intraductal Carcinoma is a noninvasive condition in which abnormal cells are 

found in the lining of a breast duct. The abnormal cells have not spread outside the duct to other tissues in the 

breast. In some cases, Intraductal Carcinoma may become invasive cancer and spread to other tissues, although 

it is not known at this time how to predict which lesions will become invasive.  Intraductal cancer is the most 

common type of breast cancer in women. Memory Intraductal includes 3-types of cancer: Usual Ductal 

Hyperplasia (UDH), Atypical Ductal Hyperplasia (ADH), and Ductal Carcinoma in Situ (DCIS). So the system 

of detecting the breast microscopic tissue of   UDH, ADH, DCIS is proposed. The current standard of care is to 

perform percutaneous needle biopsies for diagnosis of palpable and image-detected breast abnormalities. UDH 

is considered benign and patients diagnosed UDH undergo routine follow-up, whereas ADH and DCIS are 

considered actionable and patients diagnosed with these two subtypes get additional surgical procedures. The 

system classify the tissue based on the quantitative feature derived from the images. The statistical features are 

obtained. The approach makes use of preprocessing, Cell region segmentation, Individual cell segmentation, 

Feature extraction technique and MILSVM classifier for the detection of cancer and optimized using Genetic 

Algorithm An overall accuracy of 87.9% precision is obtained using GA and 4.5% recall are achieved on the 

entire test data. The test accuracy of 82.6% precision and 3.5% recall are obtained using MILSVM. When 

compared with MILSVM,  GA  has a great potential in improving diagnostic accuracy and reproducibility. 

KEYWORDS: Intraductal Carcinoma,  Percutaneous, Cell Segmentation , Feature Extraction, SVM Classifier, 

Genetic Algorithm  

I. INTRODUCTION 

Medical imaging is one of the fastest growing areas within medicine at present, both in the clinical 

setting in hospitals. Medical imaging is the technique and process used to create images of the human 

body for clinical purposes or medical science. Medical imaging is often perceived to designate the set 

of techniques that noninvasively produce images of the internal aspect of the body. Medical imaging 

can be seen as the solution of mathematical inverse problems. This means that cause is inferred from 

effect. This is very important to help improve the diagnosis, prevention and treatment of the diseases. 

Medical imaging is a part of biological imaging and incorporates radiology, nuclear medicine, 

investigative radiological sciences, endoscopy, thermography, medical photography and microscopy. 

1.1. Background 

The continuum of intraductal breast lesions, which encompasses the usual ductal hyperplasia (UDH), 

atypical ductal hyperplasia (ADH), and ductal carcinoma in situ (DCIS), are a group of cytologically 
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and architecturally diverse proliferations, typically originating from the terminal duct-lobular unit and 

confined to the mammary duct lobular system. These lesions are highly significant as they are 

associated with an increased risk of subsequent development of invasive breast carcinoma, albeit in 

greatly differing magnitudes. Clinical follow-up studies indicate that UDH, ADH, and DCIS are 

associated with 1.5, 4–5, and 8–10 times of increased risk respectively, compared to the reference 

population for invasive carcinoma. 

Patients diagnosed UDH are advised to undergo routine follow-up, while those with ADH and DCIS 

are operated by excisional biopsy followed by possible other surgical and therapeutic procedures. The 

pathology diagnoses are typically made according to a set of criteria defined by the World Health 

Organization (WHO), using formalin fixed paraffin embedded tissue specimens, which are stained 

with a mixture of  hematoxylin/eosin (H&E),  no single criterion is absolute[4]. Thus, subjective 

assessment and weighing the relative importance of each criterion are performed to categorize the 

lesions. The proposed system applies segmentation and feature extraction techniques for detection of 

cancer. 

1.2. Breast Lesions 

A lesion is an area which is an abnormality or alteration in the tissue’s integrity. Lesions can occur in 

any area of the body consisting of soft tissue, commonly found on the skin. There are numerous types 

of lesions with different naming classifications. When this lesion develops in the breast tissues, they 

are referred to as breast lesions. Breast lesions usually come in the form of lumps or swellings in or 

around the breast area, and they are frequently felt during a self breast examination or when examined 

by a physician. Some breast lesions, however, may be present but not felt. These are called non-

palpable lesions, and they are mostly detected during a screening mammogram test, which is more 

like an x-ray of the breast. 

The normal breasts have various types of tissues with different consistencies. One type of tissue found 

in the breasts is the glandular tissue, which is nodular and firm to the touch. Breasts also have fats that 

are generally soft to the touch. It is normal for the breast tissues to undergo changes such as lumpiness 

or tenderness, especially during the menstrual cycle. Most of these breast changes normally occur in 

response to hormonal changes going on in the body. 

Breast Lesions[6] (malignant breast neoplasm) is cancer originating from breast tissue, most 

commonly  from the inner lining of milk ducts or the lobules that supply the ducts with milk. Cancers 

originating from ducts are known as ductal carcinomas; those originating from lobules are known as 

lobular carcinomas. Breast cancer is a disease of humans and while the overwhelming majority of 

cases in humans are women. Size, stage, rate of growth, and other characteristics of the tumour 

determine the kinds of treatment. Treatment may include surgery, drugs, radiation and/or 

immunotherapy. Surgical removal of the tumour provides the single largest benefit, with surgery 

alone being capable of producing a cure in many cases.  

The following sub divisions have Related Works, Proposed Schema, Experimental Results and 

Conclusion  

II. RELATED WORKS 

J. Rozai et al. [4] focuses on “borderline lesions” of the breast. ADH is the most popular and classical 

borderline breast lesion. It is defined as the atypical intraductal epithelial proliferation, which mimics 

low-grade ductal carcinoma in situ (DCIS), and they are mostly small. The significance of ADH is its 

relative risk for developing invasive carcinomas on both breasts. Some breast carcinomas with 

peripheral ADH associations are found. In those cases, the area of peripheral ADH are recommended 

to be removed together with carcinoma, as they may be connected to the main lesion through the duct 

profiles. 

P. L. Fitzgibbons et al. [2] states that tumor size as a prognostic variable in cases of invasive 

carcinoma is robust. It is used to measure the various clinical estimates and mammograms. Tumor 

size is directly related to an increasing probability of regional metastasis, increasing average number 

of auxiliary lymph nodes and probability of recurrence and death. The favorable prognosis of non 

palpable invasive carcinoma is relative to palpable ones.  Precise assessment of tumor size is 
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necessary to properly stratify patients, particularly since screening mammography has resulted in a 

steadily increasing proportion 

A.P.Dempster, N. M. Laird, et al. [1] proposed a general approach to iterative computation of 

maximum-likelihood estimates when the observations can be viewed as incomplete data. Since each 

iteration of the algorithm consist of an expectation step followed by a maximization step, it is called 

as EM algorithm. The EM algorithm is remarkable process because of its simplicity and generality of 

the associated theory. 

L. Vincent and P. Soille, et al.[5] states that Watersheds are one of the classics in the field of 

topography, a gray-level image is considered a topographic relief where the gray level of a pixel is 

interpreted as its elevation. The water flows along a topographic relief following a certain descending 

path to eventually reach a catchment basin. Blobs in the image can be separated using this concept by 

identifying the limits of adjacent catchment basins and then separating them. The lines separating 

catchment basins are called watersheds.  

D. Page and W. Dupont, et al[6] states that breast imaging have made a positive impact on breast 

cancer screening and detection. The growing use of image-detected biopsies has led to increased 

diagnosis of ductal carcinoma in situ and high-risk proliferative breast lesions. This progress, has 

created a challenge for pathologists. In lieu of the fact that these entities are difficult to diagnose even 

in tissue sections taken from surgically excised lesions, pathologist are now expected to diagnose 

them in small and often fragmented tissue/cellular samples obtained from image-guided biopsies. 

Some proliferative lesions are associated with an increased risk of finding neighboring malignant. 

M. M. Dundar, S. Badve, V. Raykar,et al[9]Pathology diagnoses are made according to a set of 

criteria defined by the World Health Organization(WHO). While these criteria are generally easy to 

identify for most lesions, there are borderline cases where it becomes difficult to determine with 

absolute certainty whether a lesion is malignant or benign. Often times this difficulty is in one or more 

of the criteria being somewhat ambiguous, thus leading to a diversity of opinionsamong pathologists. 

Diagnoses are typically made using formalin fixed paraffin embedded tissue specimens, which are 

counterstained with hematoxylin or a mixture of hematoxylin/eosin (H&E). Morphological 

characterization of the cells within the tissue specimen being examined, helps the pathologist decide 

whether the lesion is cancerous or not. 

III. PROPOSED SCHEME 

The proposed system applies preprocessing, Cell region segmentation, Individual cell segmentation, 

Feature extraction technique for the detection of cancer. The first step of preprocessing involves the 

min-max normalization preprocessing. Three different lesion subtypes are used: Clustering algorithm 

is used to identify region of cells in the H&E stained breast microscopic tissue.  This was followed by 

a watershed-based algorithm which identifies individual cells. The segmented cells are used to derive 

size, shape and intensity based feature characterizing each ROI. Segmentation is done using cell 

region segmentation and individual cell segmentation. Feature extraction is implemented using ROI 

and MILSVM classifier is used. Figure 1 represents overall process of automatic detection of breast 

lesions.                         

3.1. Preprocessing 

Preprocessing can be applied easily. It improves the effectiveness and performance. Min-max 

normalization is used for preprocessing. Min-Max normalization is the process of taking data 

measured in its engineering units and transforming it to a value between 0.0 and 1.0. The lowest (min) 

value is set to 0.0 and the highest (max) value is set to 1.0. It provides an easy way to compare values 

that are measured using different scales or different units of measure. 

3.2. Segmentation 

The purpose of image segmentation is to partition an image into meaningful regions with respect to a 

particular application .It is based on measurements taken from the image and might be greylevel, 

colour, texture, depth or motion. It is to partition a image into multiple segments. The goal of 

segmentation is to simplify and/or change the representation of an image into something that is more 

meaningful and easier to analyze. Image segmentation is typically used to locate objects and 
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boundaries (lines, curves, etc.) in images. Cell   region segmentation and Individual cell segmentation 

are used to segment the input breast lesion. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Figure 1. Overall process of the system 

3.2.1. Cell Region Segmentation 

Cell segmentation would be the first step toward automated analysis of histopathological slides. This 

is implemented in two steps. In the first step, cell regions are segmented by clustering the pixel data 

and in the second step segmented cell regions are further processed by a watershed-based 

segmentation algorithm to identify individual cells. The cell region segmentation performs the 

following steps: 

1) ROI images are converted into RGB color space then to L a*b*. 
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2) La*b* color space also separates the luminance and the chrominance information such that: L 

channel corresponds to illumination and a*and b* channels correspond to color-opponent 

dimensions. 

The equation to convert RGB to La*b* color space are as follows: 

L=(116*var_Y)-16;a=500*(var_X-var_Y); b=200*(var_Y- var_Z) 

Segmentation performs maximum likelihood estimation of gaussian mixture model by using 

expectation algorithm [1] 

EM Algorithm  

Expectation step (E-step): Calculate the expected value of the log likelihood function, with respect 

to the conditional distribution of given under the current estimate of the parameter: 

Q(θǀθ
(t)

)=EZǀX,θ
(t)

[log (θ;X,Z)] 

Maximization step (M-step):  The parameter that   maximizes this quantity: 

θ
(t+1)

=arg max Q(θǀθ
(t)

) 

θ 

The expectation maximization (EM)[1] algorithm is implemented using the a*, b* channels to 

estimate the parameters of the GMM model. The resulting mixture distribution is used to classify 

pixels into four categories. Those classified into the cellular component are further clustered in the L 

channel by dynamic thresholding [7] to eliminate blue–purple pixels with relatively less luminance. 

3.2.2. Individual Cell Segmentation 

Segmentation maps of cell regions obtained are converted to gray level images before they are used in 

this stage. Since most segmented regions contain multiple overlapping cells with cells only vaguely 

defined due to the presence of holes inside them, connected components in these images do not 

necessarily represent individual cells. These images are first preprocessed using hole filling and 

cleaning steps suggested in[8]. Overlapped cells result in blobs in the segmentation map. To separate 

these blobs properly so as to identify individual cells, we used a watershed algorithm [5] based on 

immersion simulations.  

The watersheds algorithm performs the following steps: 

1) RGB image obtained are converted to gray-level images. 

2) A gray-level image is considered a topographic relief where the gray level of a pixel is 

interpreted.  

3) The water flows along a topographic relief following a certain descending path to eventually 

reach a catchment basin. 

3.3. Feature Extraction 

Feature extraction and selection methods are to obtain the most relevant information from the original 

data and represent that information in a lower dimensionality space. When the cost of the acquisition 

and manipulation of all the measurements is high we must make a selection of features. The goal is to 

select, among all the available features, those that will perform better. Example: Features that should 

be used for classifying a student as a good or bad one. The available features for student classification 

are :marks, height, sex, weight, IQ. Feature selection would choose marks and IQ and would discard 

height, weight and sex. The feature extraction performs the following steps: 

1) The perimeter, the ratio of major to minor axis, and the mean of the gray-level intensity are 

computed.  

2) For each connected component identified in an ROI. 

3) Statistical features involving the mean, standard deviation, median, and mode are computed to 

obtain features at the ROI level.  

4) Thus, each ROI is characterized by a total of 12 features (3 × 4).  

3.4. Classifier Training 
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The goal of classification is to use an object's characteristics to identify which class (or group) it 

belongs to. A linear classifier achieves this by making a classification decision based on the value of 

a linear combination of the characteristics. Each slide contains multiple ROIs and a positive 

(actionable) diagnosis is confirmed when at least one of the ROIs in the slide is identified as positive. 

For a negative diagnosis (UDH), the pathologist has to rule out the possibility of each and every ROI 

being actionable. The objective here is to develop a classifier to optimize classification accuracy at the 

slide level. Traditional supervised training techniques which are trained to optimize classifier 

performance at the instance level yield suboptimal performance in this problem.MILSVM Classifier: 

Multiple Instance Learning (MIL) is to classify bags of instances[9]. During training, the learner is 

given a set of positive and negative training bags. Example: results of repeated medical test generate 

sick/healthy bag (bag = person). A  bag is a collection of feature vectors called instances. During 

testing, a new test bag is classified to be either positive or negative. A bag is positive if it contains at 

least one positive instance and negative if it contains only negative instances.MIL is a learning 

problem with incomplete data where the class labels of the instances are latent variables. In the 

learning process many methods also label the instances of the training bags. So to avoid the MIL 

problem SVM is used. MILSVM method is used for both labeled and unlabeled data It uses a 

unlabeled mapping to transform the original training data into a higher dimension. With the new 

dimension, it searches for the linear optimal separating hyperplane .With an appropriate nonlinear 

mapping to a sufficiently high dimension, data from two classes can always be separated by a 

hyperplane MIL.SVM finds this hyperplane using support vectors (“essential” training tuples) and 

margins (defined by the support vectors). 

MILSVM Steps: 

1) By using the stastistical features like mean, median, mode and standard deviation. 

2) The system is trained using these statistical features. 

3) The features are trained and tested by using the SVM classified 

4) After testing the classified image is obtained.             

5) Lesion is detected.  

3.5. Optimization (Genetic Algorithm) 

Genetic Algorithm (GA) is a search heuristic that mimics the process of natural evolution. This 

heuristic is routinely used to generate useful solutions to optimization and search problems. Genetic 

algorithms belong to the larger class of evolutionary algorithms (EA), which generate solutions to 

optimization problems using techniques inspired by natural evolution, such as inheritance, mutation, 

selection and crossover. In a genetic algorithm, a population of strings (called chromosomes or 

the genotype of the genome), which encode candidate solutions (called individuals, creatures, 

or phenotypes) to an optimization problem, evolves toward better solutions. Traditionally, solutions 

are represented in binary as strings of 0s and 1s, but other encodings are also possible. The evolution 

usually starts from a population of randomly generated individuals and happens in generations. In 

each generation, the fitness of every individual in the population is evaluated, multiple individuals 

are stochastically selected from the current population (based on their fitness), and modified 

(recombined and possibly randomly mutated) to form a new population. The new population is then 

used in the next iteration of the algorithm. Commonly, the algorithm terminates when either a 

maximum number of generations has been produced, or a satisfactory fitness level has been reached 

for the population. If the algorithm has terminated due to a maximum number of generations, a 

satisfactory solution may or may not have been reached. 

3.5.1. Advantages (Genetic Algorithm) 

1) It can solve every optimisation problem which can be described with the chromosome 

encoding. 

2) It solves problems with multiple solutions. 

3) The genetic algorithm execution technique is not dependent on the error surface, we can solve 

multi-dimensional, non-differential, non-continuous, and even non-parametrical problems. 
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4) Structural genetic algorithm gives us the possibility to solve the solution structure and 

solution parameter problems at the same time by means of genetic algorithm. 

5) Genetic algorithm is a method which is very easy to understand and it practically does not 

demand the knowledge of mathematics. 

6) Genetic algorithms are easily transferred to existing simulations and models. 

3.5.2. Optimization (Genetic Algorithm) Steps 

1) Choose the initial population of individuals 

2) Evaluate the fitness of each individual in that population 

3) Repeat on this generation until termination (time limit, sufficient fitness achieved, etc.) 

4) Select the best-fit individuals for reproduction 

5) Breed new individuals through crossover and mutation operations to give birth    to offspring 

6) Evaluate the individual fitness of new individuals 

7) Replace least-fit population with new individuals 

IV. EXPERIMENTAL RESULT 

Fig. 2 shows the stain image of breast lesion. Lesions can be seen in the stain image. Breast Lesions   

is cancer originating from breast tissue, most commonly from the inner lining of milk ducts or the 

lobules that supply the ducts with milk. Cancers originating from ducts are known as ductal 

carcinomas.  Fig. 3 shows the preprocessed  image using the min-max normalization method. In MIN-

MAX normalization the values lies between -1 and 0. It  avoids the numerical problems. 

 

 

 

 

 

 

 

Figure 2.  Stain Image       Figure 3. Min-Max Preprocessed Image 

 

 

 

 

 

 

Figure 4. L-Channel Image     Figure 5. A-Channel Image 
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Figure 6. B-Channel Image 

Fig. 4,5,6 shows the La*b* image. The RGB image of breast lesion is converted to L a*b* images and 

from that   L, a, b-channels are extracted. 

 

 

 

 

 

 

Figure 7. L-Segmented  Cell Regions   Figure 8. A-Segmented Cell Regions 

The results were over segmented by both methods; by using cell region segmentation and individual 

cell segmentation segmented cells were detected. Fig.7,8,9 shows the segmented cell regions of L 

a*b* image. 

 

 

 

 

 

 

 

Figure 9. B-Segmented Cell Regions   Figure 10. Individual Segmented Cells 
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Figure 11. Statistical Features 

Fig 10 shows the segmented cells which are detected using individual cell segmentation. Fig 11 shows 

the statistical features which are being extracted .Fig 12,13 shows the MILSVM training and the 

tested images. By using the statistical features training is being completed and while testing it detects 

the lesion whether it is UDH or ADH lesion by using MILSVM classifier. 

 

 

 

 

 

 

 

 

Figure.12 MILSVM training 

 

 

 

 

 

 

 

 

Figure.13 MILSVM tested image 
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Figure.14 Trained values using GA for classification 

 

 

 

 

 

 

 

 

 

Figure.15 Announcing the type of cancer using GA 

Table 1. Accuracy based on Precision 

Model MILSVM GA 

DCH 61 64 

ADH 82 85 

DCIS 22 24 

 

Table 2. Accuracy based on Recall 

Model MILSVM GA 

DCH 28 35 

ADH 40 43 

DCIS 12 15 
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Figure 16 .Accuracy of MILSVM and GA based on precision 

 

 

 

 

 

 

 

 

 

 

Figure 17. Accuracy of MILSVM and GA based on recall 

Table 1and 2 represents the accuracy of the  model based on precision and recall. All feature extracted 

cells obtained from different image segmentation models are ranked as shown in Fig. 16 and 17.   

An overall accuracy of 87.9% precision is obtained using GA and 4.5% recall are achieved on the 

entire test data. The test accuracy of 82.6% precision and 3.5% recall are obtained using MILSVM. 

When compared with MILSVM,  GA  has a great potential in improving diagnostic accuracy and 

reproducibility. 

V. CONCLUSION 

The proposed cell region segmentation, individual cell segmentation and feature extraction is used to 

identify the breast lesions. EM algorithm is used for cell segmentation.  In this approach step of 

initialization is necessary to prevent settling down on a bad local maximum. Then the EM algorithm 

gets an opportunity to explore the parameter space and it may converge to a better maximum. 

Generally, the clustering-based initialization method provides a better final result for the EM 

algorithm than random initialization does, and it also contributes to the convergence speed. This will 

involve developing intermediate models to map image features onto descriptors pathologists use for 

classification.  This new approach can help as an automated medical image analysis tool to validate 
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our hypothesis in an accurate and specific manner. The MILSVM classifier detects the type of breast 

lesions. The MILSVM could closely detecting the type of breast lesions and optimized using Genetic 

Algorithm. 
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ABSTRACT 

The low cost, reliable and accurate measurement of rotor shaft angle is an important challenge for numerous 

industries. This paper proposed the design of a software based resolver to digital converter using an inverse 

tangent method, to extract the rotor angle of the resolver. The demodulated resolver quadrature si gnals are 

sampled at the zero crossing of the excitation signal. The sampled quadrature signals are used to measure the 

rotor angle of the resolver. The proposed software model eliminates the hardware cost of excitation source and 

the results are validated through the development of model blocks in MATLAB
®

 Simulink. The proposed model 

is a low cost, simpler and linear. 

KEYWORDS: Resolver, Resolver to Digital converter, Inverse Tangent method, Synchronous demodulator   

I. INTRODUCTION 

Conversion of angular displacement to electrical output requires AC transducers like synchros, 

resolvers and linear/rotary variable differential transformers. Machine tool and robotics manufacturers 

use resolvers and synchros to provide accurate angular and rotational information. These devices 

excel in demanding factory and aviation applications requiring small size, long term reliability, 

absolute position measurement, high accuracy, and low noise operation. The measurement of the 

initial rotor position at standstill has to be achieved to gain the maximum starting torque. Synchros 

and resolver are the sensors that satisfy this condition. Synchros have three stator coils in a 120
0
 

orientation, they are difficult than resolvers to manufacture and are costly. Today, synchros find 

decreasing use, except in certain military and avionic retrofit applications.  

The resolver quadrature signals have to demodulated and filtered to extract the angular position of the 

rotor [1–3]. The accuracy achieved in speed and/or position measurement by the resolvers depends on 

the quality of the analog signals and on the resolution of the digital converters used to interface 

resolvers to the control units. This conversion is made by the Resolver to Digital Converter (RDC). 

RDC is an Integrated Circuit (IC) that can be easily mounted on the motion control board and is used 

to demodulate the two resolver output signals. The RDC IC was designed to calculate the error 

between actual angle and computed angle. This angle error is controlled to zero, resulting in the 

computed angle converge to the actual one [4–6]. The main drawback of RDC IC is its cost which is 

same price as that of the resolver [7]. However, the price of the specific IC module is high, and the 

weight and power dissipation are large, therefore increasing the cost of the whole system which limits 

the usage of its application. 

In order to avoid the use of these RDC ICs, more and more attention has been focussed on the design 

of software based RDCs and ways to improve the measurement accuracy [8-17]. Making instrument 

intelligent is a trend in the new control system which means more hardware is substituted by software. 
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In this paper, the design of software based RDC using an inverse tangent method is proposed. This 

paper is organized into five sections. Section II describes the principle of operation of a resolver. The 

mathematical model of inverse tangent method and design of the proposed RDC in MATLAB
®
 

Simulink is explained in section III. Section IV gives the simulation results and discussions. Finally 

conclusions are drawn in section V. 

II. PRINCIPLE OF A RESOLVER 

The resolvers are basically rotating transformers. The resolver consists of one reference winding and 

two output windings. The transformation ratio from the reference winding to the two output windings 

varies with the position of the resolver rotor. The reference winding is fixed on the stator and is 

magnetically coupled to both stator output windings through the windings located on the rotating 

shaft. The placement of the reference and output windings with respect to the shaft of a resolver is 

shown in figure 1. 

 

Figure 1. Internal view of a resolver 

The two output windings are placed in quadrature on the stator to generate two 900 out of phase AC 

signals [18]. An equivalent cross sectional view of the resolver with angular position of the rotor, θ , 

with respect to the windings and the associated signals are shown in figure 2 and figure 3 respectively. 

                            

Figure 2. Equivalent cross sectional view              Figure 3. Resolver excitation and output signals 

III. INVERSE TANGENT METHOD 

The block diagram of the proposed RDC scheme using inverse tangent algorithm is shown in figure 4. 

In general, the resolver is excited by either sinusoidal or square wave signal with a fixed frequency. If 

sinusoidal signal is used as excitation signal, it is difficult to detect the adequate sampling moments of 

the output signals of the resolver because of the phase shift between the input and output signals. If 

the resolver is excited by a square wave signal then the output signals will be flat extremes that allow 

having an interval of time for sampling the output. For this reason, the square wave signal is preferred 

as excitation signal to excite the resolver and also the generation of square wave signal is easier than 

generating a sinusoidal signal for a processor. So, in the proposed design the resolver is excited by the 

square wave signal. 
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3.1. Mathematical Model 

In the proposed design, the resolver is excited with a square wave signal, VREF of peak to peak 

amplitude 1V with variable frequency of 1Hz–10kHz. The mathematical expression for the excitation 

signal is given as  

)2( tfSinV eREF π=      (1) 

 

 

Figure 4. Block diagram of proposed RDC using inverse tangent method 

The reference signal, VREF modulates the sin and cosine functions of rotor shaft angles and produces 

two amplitude modulated signals, VS1 and VC1, as outputs. Generally, the excitation angular frequency 

(fe) of the rotor excitation is higher than the rotation frequency (fm). So the modulated output signals of 

the resolver are given as 

)()2(1 θπα SintfSinV eS ⋅=      (2) 

)()2(1 θπα CostfSinV eC ⋅=      (3) 

Where α is the resolver transformation constant and is assumed as one. The value of .2 tfmπθ =
 
The 

rotation frequency, (fm) is calculated depending upon the speed of the motor attached to the resolver 

and is also known as revolution of the resolver in one second. 

The output signals of the resolver are Double Side Band Suppressed Carrier (DSB-SC) signals. The 

synchronous demodulator is the mostly used DSB-SC demodulation method. In synchronous 

demodulation method, the same excitation signal is used to remove the excitation signal presented in 

the outputs of the resolver. The block diagram of synchronous demodulator is shown in figure 5. 

 

Figure 5. Synchronous demodulator 

The inputs to the product modulator are VS1/VC1 and VREF and it gives the product of the two inputs as 

output. The mathematical representation of the output of the product modulator for 1=α and VS1 is 

given as 
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Similarly, if VC1 as one of the input, then the output is represented as  
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The product modulator outputs as in equations (4) and (5) are having a high frequency excitation 

signal and it has to be removed to measure the rotor angle, .θ  In order to remove the high frequency 

carrier signal, the two product modulated output signals, 1'SV and 1'CV are passed through a low pass 

filer with a higher cut-off frequency equal to the rotational frequency, wm. 

The outputs of the two low pass filters are  

)(
2

1
θSinVS =        (6) 

and  

)(
2

1
θCosVC =        (7) 

The low pass filter output signals as in equations (6) and (7) contain only the angular position of the 

resolver. So, in order to measure the angle for every instant of time, the two signals must be sampled. 

The instantaneous samples of the signals in equations (6) and (7) are obtained by sampling the signals 

for every rising edge of the excitation frequency. The block diagram of sample and hold circuit is 

given in figure 6.  

 

Figure 6. Sample and hold Circuit 

The sampled signals of equations (6) and (7) are given as  

)(
2

1
nSn SinV θ=       (8) 

and  

)(
2

1
nCn CosV θ=       (9) 

The sin and cosine envelopes obtained after sample and hold circuit, as in as in equations (8) and (9) 

are used to compute the rotor angular rotation. The two sampled signals are fed to an absolute circuit 

in order to get the linearity. The computed rotor shaft angle is given as 
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3.2. Modelling 

Based on the theory, mathematical representation and information, the arctangent based RDC is 

implemented in MATLAB
®
 Simulink. The simulation blocks of the RDC are shown in figure 7. This 

model is only based on theory and is ideal without any limitations. A square wave signal with an 

amplitude of 1V and a frequency varies between 1kHz to 10kHz is used to excite the resolver. The 

resolver output can be demodulated by using any of the synchronous demodulation techniques to 

avoid any delay in the extracted sin-cosine envelopes. This is achieved by simultaneously sampling 

the two resolver output signals at the zero crossing of the excitation signal. So, the detection of zero 

crossing of carrier plays an important role in the accuracy of the resolver. Synchronous demodulator 

is designed with a product modulator followed by a low pass filter. The magnitude and phase 

responses of the low pass filter are shown in figure 8. 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

232 Vol. 4, Issue 2, pp. 228-235  

 

The low pass filter eliminates the high frequency component and passes only rotational frequency of 

the signals in equations (4) and (5). The output of this low pass filter is sampled with rising edge of 

the excitation frequency. The instantaneous absolute values of the sampled signals are measured and 

are given as input to atan2 block to measure the rotor shaft angle of the resolver. 

 

Figure 7. MATLAB
®
 Simulink model of RDC using inverse tangent method 

 

Figure 8. Frequency response of the low pass filter 

IV. RESULTS AND DISCUSSIONS 

The rotor angle position sensing of the proposed RDC model is developed in MATLAB
®
 Simulink 

and is validated through several tests with different speeds. The resolver excitation signal with 1volt, 

10kHz and the corresponding output signals for a rotor speed of 600rpm are shown in figure 9. The 

quadrature output signals of the resolver are amplitude modulated. These modulated signals are 

demodulated using synchronous demodulator and are presented in figure 10.  

Figure 11 shows the angular position of the resolver with their quadrature signals. The error between 

the actual and measured angle of the rotor position is shown in figure 12. From the graph, it is 

calculated that the maximum rotor angle error of the resolver is 0.0123
0
. The resolver excitation 

signal, resolver output signals; resolver demodulated output signals, estimated angle; estimated angle 

and angle error; and actual and measured angle graphs are shown in figure 13, 14, 15 and 16 

respectively for the rotor speed of 2400rpm. The RDC model was simulated for various speeds and its 
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rotor angle error is presented in Table 1. For speeds less than 600rpm, this method gives a negligible 

error and as the speed of the rotor is increased the error will increase. The graph between rotor shaft 

angle error and rotor speed is shown in figure 17. 

     

Figure 9. Resolver excitation and output signals (600rpm)      Figure 10. Demodulated resolver output signals 

     

Figure 11. Resolver demodulated output signals and angle     Figure 12. Measured angle and rotor angle error 

     

Figure 13. Resolver excitation and output signals (2400rpm)     Figure 14. Demodulated resolver output signals 

     

Figure 15. Measured angle and rotor angle error           Figure 16. Actual and Measured rotor angles          

              (green color is true angle and blue is estimated angle) 
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Table 1. Estimated angle error for various speeds 

Rotor Speed 

(rpm) 

Estimated error 

(degrees) 

120 0.0025 

240 0.0049 

300 0.0061 

600 0.0123 

900 0.0184 

1200 0.0245 

1500 0.0307 

2400 0.0490 

3000 0.0613 

 

 

Figure 17. Graph between rotor shaft angle error and rotor speed 

V. CONCLUSIONS 

Software based RDC using an inverse tangent method is described and successfully simulated in 

MATLAB
®
 Simulink. High performance was achieved through the mathematical performances and 

simulation results. The precise rotor angle of the resolver was measured using this proposed simulated 

RDC model and the measured rotor angle error is 0.0613 even at 3000rpm. Software based 

synchronous demodulation is proposed to reduce the hardware cost of the excitation source. The 

proposed RDC system is low cost, relatively simpler and more accurate. 
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ABSTRACT 

MaNet has emerged as one of the most focused and thrust research areas in the field of wireless networks and 

mobile computing. In ad hoc mobile networks, routes are mainly multi hop because of the limited radio 

propagation range and topology changes frequently and unpredictably since each network host moves 

randomly. Therefore, routing is an integral part of ad hoc communications. Many routing protocols are 

proposed for MaNet. The protocols are mainly classified in to three categories: Proactive, Reactive and Hybrid. 

Proactive routing protocols attempt to maintain consistent, up-to-date routing information from each node to 

every other node in the network. Reactive routing protocols creates routes only when desired by the source 

node. Once a route has been established, it is maintained by a route maintenance procedure. 

In this paper, we propose Routing Protocol which combines the merits of proactive and reactive approach and 

overcome their demerits. We propose variation of this proposed Hybrid Routing Protocol (HRP), the propose 

protocol creates route only when desired by the source node as in case of reactive routing protocols. The 

propose protocols maintain routing table at each node as in case of proactive routing protocols. Hence called 

hybrid routing protocol. 

The propose protocol takes advantage of broadcast nature of MaNet to discover route and store maximum 

information in the routing tables at each node.  HRP-Unicast Reply and HRP-Broadcast Reply are compared 

with existing routing protocol AODV using simulation result. The results of Data packets sent and dropped in 

the Network shows significant reduction in routing overhead, end- to-end delay and increases packet delivery 

ratio over AODV. 

KEYWORDS: Mobile ad hoc network, Hybrid Routing Protocol, Proactive Routing Protocols, Reactive 

Routing Protocols, AODV, Unicast Reply (UR), Broadcast Reply (BR). 

I. INTRODUCTION 

MaNet [1] has emerged as one of the most focused and thrust research areas in the field of wireless 

networks and mobile computing. Mobile ad hoc networks consist of hosts communicating one another 

with portable radios. These networks can be deployed impromptu without any wired base station or 

infrastructure support. In ad hoc mobile networks, routes are mainly multi hop because of the limited 

radio propagation range and topology changes frequently and unpredictably since each network host 

moves randomly. Therefore, routing is an integral part of ad hoc communications, and has received 

interests from many researchers. Many routing protocols are proposed for MaNet. The protocols are 

mainly classified into three types, Proactive, Reactive and Hybrid [2,4]. In Proactive [2, 5] i.e. Table-

driven routing protocols attempt to maintain consistent, up-to-date routing information from each 

node to every other node in the network. These protocols require each node to maintain one or more 

tables to store routing information, and they respond to changes in network topology by propagating 

hello messages throughout the network in order to maintain a consistent network view.  

Reactive routing protocol [6,8]creates routes only when desired by the source node. When a node 

requires a route to a destination, it initiates a route discovery process within the network. This process 

is completed once a route is found or all possible route permutations have been examined. Once a 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

237 Vol. 4, Issue 2, pp. 236-246  
 

route has been established, it is maintained by a route maintenance procedure until either the 

destination becomes inaccessible along every path from the source or until the route is no longer 

desired. The Ad hoc On-demand Distance Vector (AODV) [6, 8, 9] protocol, one of the reactive 

routing protocol that has receive the most attention, however, does not utilize multiple paths. In 

AODV [2, 6], at Every instance, route discovery is done for fresh communication which consumes 

more bandwidth and causes more routing overhead. The data packets will be lost during path break 

which occurs due to node mobility. When the network traffic requires real time delivery (voice, for 

instance), dropping data packets at the intermediate nodes can be costly. Likewise, if the session is a 

best effort, TCP connection, packet drops may lead to slow start, timeout, and throughput degradation.   

This paper proposes Hybrid Routing Protocol which combines the features of proactive and reactive 

routing protocol approaches [2]. This paper propose Hybrid Routing Protocol (HRP),   The propose 

protocol creates route only when desired by the source node as in case of reactive routing protocols.  

The propose protocols maintain routing table at each node as in case of proactive routing protocols. 

Hence called hybrid routing protocol. The proposed protocol takes advantage of broadcast nature of 

MaNet which is used to gain maximum routing information at the nodes in the network.  HRP-UR and 

HRP-BR with AODV, a highly used reactive routing protocol in Ad hoc network. The simulation 

Results of Control Packet analysis as well as Data packets sent and dropped in the Network shows 

significant reduction in routing overhead, Average End-To-End delay analysis. 

II. PROACTIVE ROUTING PROTOCOLS 

In Proactive [3, 5, 19] i.e. Table-driven routing protocols attempt to maintain consistent, up-to-date 

routing information from each node to every other node in the network. These protocols require each 

node to maintain one or more tables to store routing information, and they respond to changes in 

network topology by propagating hello messages [20] throughout the network in order to maintain a 

consistent network view. 

2.1 Destination-Sequenced-Distance-Vector Routing 
Destination- Sequenced-Distance-Vector Routing [5] is the table driven routing based on classical 

Bellman-ford routing mechanism. Every mobile node in the network maintains routing table in which 

all of the possible destinations within the network and the number of hops to each destination are 

recorded. Each entry is marked with the sequence number assigned by the destination node which is 

used to avoid formation of routing loops. Routing table updates are periodically transmitted in order 

to maintain consistency. The main disadvantage is that the DSDV protocol suffers from excessive 

control overhead that is proportional to the number of nodes in the network and therefore is not 

scalable in ad hoc wireless network. Another disadvantage is that the node has to wait for a table 

update message initiated by the same destination node, in order to obtain information about a 

particular node. 

2.2 Cluster Head Gateway Switch Routing 
Cluster head gateway switch routing [21] uses hierarchical network topology.  The nodes are 

organized into small clusters. Each cluster is having cluster-head which coordinate the communication 

among members of each cluster head. Cluster-head also handles issues like channel access ,bandwidth 

allocation in the network. The main advantage of this protocol is the better bandwidth utilization. The 

disadvantage of this routing protocol is that frequent cluster head changes can adversely affect 

routing. This also degrades the performance as the system is busy in cluster head selection rather than 

data transmission. Another disadvantage is the power consumption, which occurs more at the cluster-

head as compared to other nodes. 

2.3 Wireless Routing Protocol 
Wireless Routing Protocol is one of the table driven routing protocol [22]. Each node is responsible 

for maintaining four tables i.e. Distance table(DT), Routing table(RT), Link cost table(LCT) and 

Message Transmission List table(MRL). The DT contains network view of the neighbors of a node. 

RT contains the up-to-date view of the network for all known destinations. The LCT contains the cost 

of relaying each message through each link. The MRL contains an entry for every update message 

that is to be retransmitted and maintains a counter for each entry. WRP belongs to class of path 

finding algorithm. WRP has same advantages as that of DSDV. In addition, it has faster convergence 
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and involves fewer tables updates. But as it involves maintaining and processing various tables, it 

requires larger memory and more processing power at each node. 

The comparison of proactive routing protocol [19] is summarized in Table I. 
Table I : Comparison of Proactive Routing Protocol 

Parameter DSDV CGSR WRP 

Time Complexity  

(Link Addition/Failure)  

O(d)  O(d)  O(h)  

Communication complexity  

(Link Addition/Failure)  

O(x=N)  O(x=N)  O(x=N)  

Routing Philosophy  Flat  Hierarchical  Flat  

Loop Free  Yes  Yes  Yes but not 

instantaneous  

Multicast Capability  No  No  No  

Number of Required Tables  Two  Two  Four  

Frequency of Update 

Transmission  

Periodically & as 

Needed  

Periodically  Periodically & as 

Needed  

Updates Transmission to  Neighbor  Neighbor and 

Cluster Head  

Neighbor  

Utilizes Sequence Numbers  Yes  Yes  Yes but not 

instantaneous  

Utilizes "Hello" messages  Yes  No  Yes but not 

instantaneous  

Routing Metric  Shortest Path  Shortest Path  Shortest Path  

Abbreviations: 

N=No. of nodes in the network    h=Height of Routing Tree 

d=Network Diameter x=No. of nodes affected by topological change 

III. REACTIVE ROUTING PROTOCOLS 

Another approach used for routing is reactive approach [6,7]. This type of routing creates routes only 

when desired by the source node. When a node requires a route to a destination, it initiates a route 

discovery process within the network. This process is completed once a route is found or all possible 

route permutations have been examined. Once a route has been established, it is maintained by a route 

maintenance procedure until either the destination becomes inaccessible along every path from the 

source or until the route is no longer desired. 

3.1 Ad hoc On-Demand Distance Vector (AODV) 
The Ad hoc On-demand Distance Vector (AODV) [6, 8, 9] protocol, one of the on-demand routing 

algorithms that has receive the most attention, however, does not utilize multiple paths. It joins the 

mechanisms of DSDV and DSR. The periodic beacons, hop-by-hop routing and the sequence numbers 

of DSDV and the pure on-demand mechanism of Route Discovery and Route Maintenance of DSR 

are combined. In AODV [6], at Every instance, route discovery is done for fresh communication 

which consumes more bandwidth and causes more routing over-head. The source prepares RREQ 

packet which is broadcast to it's neighboring nodes. If neighboring node will keep backward path 

towards source. As soon as destination receives the RREQ packet, it sends RREP packet on received 

path. 

This RREP packet is unicast to the next node on RREP path. The intermediate node on receiving the 

RREP packet make reversal of path set by the RREQ packet. As soon as RREP packet is received by 

the source, it starts data transmission on the forward path set by RREP packet. Sometimes while data 

transmission is going on, if path break occurs due to mobility of node out of coverage area of nodes 

on the active path, data packets will be lost. When the network traffic requires real time delivery 

(voice, for instance), dropping data packets at the intermediate nodes can be costly. Likewise, if the 

session is a best effort, TCP connection, packet drops may lead to slow start, timeout, and throughput 

degradation. 
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3.2 Dynamic Source Routing (DSR) 
Dynamic Source Routing, DSR [2,14,16], is a reactive routing protocol that uses source routing to 

send packets. It is reactive protocol like AODV which means that it only requests a route when it 

needs one and does not require that the nodes maintain routes to destinations that are not 

communicating. It uses source routing which means that the source must know the complete hop 

sequence to the destination. Each node maintains a route cache, where all routes it knows are stored. 

The route discovery process is initiated only if the desired route cannot be found in the route cache. to 

limit the number of route requests propagated, a node processes the route request message only if it 

has not already received the message and its address is not present in the route record of the message. 

As mentioned before, DSR [9] uses source routing, i.e. the source determines the complete sequence 

of hops that each packet should traverse. This requires that the sequence of hops is included in each 

packet header. A negative consequence of this is the routing overhead every packet has to carry. 

However, one big advantage is that intermediate nodes can learn routes from the source routes in the 

packets they receive. Since finding a route is generally a costly operation in terms of time, bandwidth 

and energy, this is a strong argument for using source routing. Another advantage of source routing is 

that it avoids the need for up to-date routing information in the intermediate nodes through which the 

packets are forwarded since all necessary routing information is included in the packets. Finally, it 

avoids routing loops easily because the complete route is determined by a single node instead of 

making the decision hop-by-hop. 

The comparison of proactive routing protocol [19] is summarized in Table II. 
Table II: Comparison of Reactive Routing Protocol 

Parameter AODV DSR 

Routing Metric  Freshest & Shortest Path  Shortest Path  

Route Maintained in  Route Table  Route Cache  

Route Reconfiguration Methodology  Erase Route; Notify Short  Erase Route; Notify Short  

Loop Free  Yes  Yes  

Multicast Capability  Yes  No  

Routing Philosophy  Flat  Flat  

Communication Complexity  O(2N)  O(2N)  

Time Complexity  O(2d)  O(2d)  

Beaconing Requirement  No  No  

Abbreviations: 

N=No. of nodes in the network    h=Height of Routing Tree 

d=Network Diameter      x=No. of nodes affected by topological change 

 

IV. HYBRID ROUTING PROTOCOL WITH UNICAST REPLY AND BROADCAST 

REPLY 

In this paper, we proposed hybrid routing protocol with unicast reply scheme (HRP-UR) and 

broadcast reply scheme (HRP-BR). The proposed protocol takes the advantages of both proactive and 

reactive routing protocol hence called Hybrid Routing Protocol(HRP). 
Table III: Structure of Routing Table 

Dest Next hop Hop count 

   

• Dest : Source address on received packet. 

• Next Hop : Next hop address on the path towards source node. 

• Hop Count : Hop distance to reach to source node. 

 

4.1 Analytic Study of HRP-UR and HRP-BR 
Hybrid Routing Protocol with unicast reply scheme and broadcast reply scheme, HRP combines the 

features of proactive and reactive routing protocols, overcoming their demerits. The propos protocol 

maintains routing table as that of table driven (proactive) routing protocol scheme. Initially, all the 
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nodes in the network will have empty routing table. The structure of routing table is as shown in Table 

IV. Updating in routing table takes place in on demand manner (reactive). The proposed routing 

protocol, HRP-UR operates in two different phases: Route Discovery and Route Maintenance.                   
 

 

 

 

 

 

 

 

 

 

Figure 1: Network Topology 

Table IV: Structure of Routing Table  

Dest Next hop Hop count 

   

 

4.1.1 Route Discovery in HRP-UR and HRP-BR 
A source, on receiving a data packet first checks, whether route to the destination exists in it's routing 

table. If route exists then it sends data packets to the destination. If no route exists then source node 

first stores the data packet in queue, prepares route request packet(RREQ) and broadcast it. The 

source generate broadcast id. Broadcast id is the unique id which will identify the unique 

communication over the network. The hop count field is set to one. After sending RREQ packet, the 

source waits for a route reply packet (RREP). If it did not receive within a certain time called request 

timeout , it broadcast another RREQ packet. If the maximum number of retries has been reached, all 

data packets for this destination are dropped since destination is unreachable. Destination on receiving 

the RREQ packet, sends RREP packet to the source on the same path RREQ packet has followed. In 

the propose HRP-UR scheme, the destination set hop count field of RREP packet to 1. In HRP-UR 

and HRP-BR, RREP packet contain id of the node from which it has received RREQ packet hereafter 

it is named as intended node. This RREP packet is received by intended node. On receiving, intended 

node first make an entry in its own routing table for destination in received RREP packet. Then 

intended node search its own routing table for the destination. If found then intended node retrieves 

next hop information from routing table and unicast and broadcast RREP packet. It then dequeues all 

the data packets one by one from QUEUE and sends to the next hop. Next hop will search destination 

in its routing table and repeat the same procedure. 

Consider the example of network given in Figure 1. The process of route discovery is shown in Figure 

2. Source node(say 0) having Constant Bit Rate (CBR) traffic, want to communicate with destination 

node (say 14). Let us assume this CBR traffic as CBR0 which starts at time 1.0 and ends at time 3.0. 

Initially no route is available at any of the node in the network, so routing tables at all the nodes are 

empty. Source node 0 search destination node 14 in its own routing table. Route is absent, so node 0 

prepares RREQ packet and fill up the necessary information and broadcast it. This RREQ packet is 

received by immediate neighbors i.e. node 5,1 and 4 . On receiving RREQ, they first store route 

information for source node 0 in there own routing table. So node  5,1 and 4 will enter route to node 0 

in there routing table along with corresponding hop count which is 1. The details of routing table 

entries is summarized in Tables V, VI and VII. 
Table V: Routing Table at Node 5 

Dest Next hop Hop count 

0 0 1 
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Table VI : Routing Table at Node 4 

Dest Next hop Hop count 

0 0 1 

Table VII : Routing Table at Node 1 

Dest Next hop Hop count 

0 0 1 

After making an entry for node 0 , node 5,1 and 4 search their routing table for destination node 14. If 

any of them will find the entry in their own routing table, it creates RREP packet and sends back to 

the source node 0. If not then increase the hop count received in RREQ packet by 1 and rebroadcast it. 

This process is repeated till destination node 14 is reached or TTL field of RREQ packet becomes 0. 

 
          Figure 2: RREQ Transmission in the Network 

As soon as node 14 receives the RREQ packet, it sends RREP packet. Assume that the node 14 

received RREQ packet from node 11. So node 14 finds entry for node 0 in its own routing table. Node 

14 retrieves the next hop towards node 0 which is node 11. So node 11 becomes intended node. On 

receiving RREQ by node 11, it searches node 0 in its own routing table, finds next node towards 

source node 0 which is node 3 called new intended node. Then new intended node 3 unicast RREP 

packet to node 4. This process is repeated until RREP packet is reached to destination node 0 which is 

source of RREQ packet. The process of RREP transmission is summarized in the Figure 3. 

 
            

 

 

 

 

 

 

 

Figure 3: RREP Transmission in the Network 

As soon as node 0 receives RREP packet, it first make an entry for node 14 in it's routing table. Then 

node search its routing table for node 14 and finds next hop towards destination node 14 which is 

node 4. Then node 0 first dequeues all data packets from queue one by one, which were enqueued 

during route discovery process and sends to the destination node 14. Then source node 0 starts 

receiving data packets from higher layers and send it to the destination node14. The Data packets are 

unicast to next hop from routing table i.e. node 4. Node 4 search it's own routing table and finds the 

next hop towards node 14 which is node 3. This procedure is repeated until data is successfully 

received at destination node 14. The higher layer at destination node 14 will send acknowledgment of 

data received at destination node14. The updated routing table along active path (0-4-3-11-14) is 

given in Tables VIII, IX, X, XI, XII. 
Table VIII : Routing Table at Node 0 

Dest Next hop Hop count 

14 4 4 
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Table IX : Routing Table at Node 4 

Dest Next hop Hop count 

0 0 1 

14 3 3 

11 3 2 

3 3 1 

Table X : Routing Table at Node 3 

Dest Next hop Hop count 

0 4 2 

14 11 2 

11 11 1 

Table XI : Routing Table at Node 11 

Dest Next hop Hop count 

0 3 3 

14 14 1 

Table XII : Routing Table at Node 14 

Dest Next hop Hop count 

0 14 4 

 

In the Figure 4, node 14 is sending a RREP packet is response to RREQ from node 0. Routing table at 

node 14 after processing RREQ packet from node 0  
            

 

 
 

 

 

 

 

 

 

        

 

Figure 4: RREP Transmission in the Network 

Table XIII: Routing Table at Node 14 

Dest Next hop Hop count 

0 11 4 

At node 14 the next hop towards node 0 is node 11 shown in Table XIII with node 11 as intended 

node. It prepares RREP packet and broadcast with node 11 as the intended node. Neighboring node 

11,12,13 will receives the RREP packet. 

The nodes which are not intended node will drop the RREP packet after updating there routing table 

as shown in Table XIV and XV 
Table XIV :  Routing Table at Node 13 

Dest Next hop Hop count 

0 11 4 

14 14 1 

11 11 1 

2 9 3 

Table XV :  Routing Table at Node 12 

Dest Next hop Hop count 

0 11 4 

14 14 1 
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11 11 1 

2 7 2 

After receiving RREQ by intended node 11, it searches node 0 in own routing table and finds next 

node towards source node 0 which is node 3 called new intended node as shown in Table XVI. It then 

add it's own address in the received RREP packet. So modified reply path in RREP packet is 14-11. 

Then it searches node 0 in its own routing table and finds next hop towards source node 0, which is 

termed as new intended node. After modification of RREP packet, intended node 11 will broadcast 

modified RREP packet to all its neighboring nodes i.e. node 13,14,12,7,3 and 9. Then new intended 

node 3 rebroadcast modified RREP packet to all neighbors. This process is repeated until RREP 

packet is reached to the destination node 0 which is source of RREQ packet. The process of RREP 

packet transmission is as shown in the Figure 4. 
Table XVI :  Routing Table at Node 11 

Dest Next hop Hop count 

0 3 3 

14 14 1 

3 3 1 

2 7 2 

9 9 1 

 

4.1 Simulation Result of  HRP-UR and HRP-BR 
In this section, we evaluate the performance of HRP-UR and HRP-BR. We select parameters to 

evaluate the performance 

We consider 14 node network examples shown in Figure 1. We simulate the new propose routing 

protocol, HRP-UR using NS2. We considered 5 CBR data traffic running in the network as explained 

in Section V. Total simulation time for the following scenario is considered to be 12 seconds. The 

details of data traffic running in the network are as follows: 

CBR 0: node 0 to node 14 starts at 1.0 ends at 3.0 

CBR 1: node 9 to node 0 starts at 4.0 ends at 6.0 

CBR 2: node 1 to node 11 starts at 5.0 ends at 7.0 

CBR 3: node 5 to node 14 starts at 8.0 ends at 9.0 

CBR 4: node 2 to node 13 starts at 10.0 ends at 12.0 

4.2.1 Control Packets Analysis 
We compare proposed protocol HRP-BR with our propose protocol HRP-UR and AODV. We 

compute some of the parameters given in Table XVII.  

Table XVII: Control Packet Analysis 

Parameters HRP-BR HRP-UR AODV 

Total no. of Control packets in the 

network 
323 247 876 

Total no. of Control packets sent in the 

network 
57 63 216 

Total no. of Control packets received in 

the network 
266 184 660 

Node id, sending max no. of control 

packet in the network 
node 3(6) node 9(6) node 9(21) 

Node id, receiving max no. of control 

packet in the network 
node 7(26) node 5,9,11(18) node 11(72) 

We compute the number of send and receive packets at each node in the network topology. We plot 

the graph of send and receive packets versus the nodes in the network as shown in Figure 5. The 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

244 Vol. 4, Issue 2, pp. 236-246  
 

results show that the least number of control packets are flooded in the network in HRP-BR as 

compared to HRP-UR and AODV protocol. Initially in HRP-BR, the no. of control packets flooded in 

the network is more as compared to AODV and HRP-UR. But as the number of source-destination 

pair which are interested to communicate get increased, the number of control packets flooded in the 

network reduces significantly compare to HRP-UR and AODV. In propose HRP-BR, building of 

routing table is started in reactive manner as that of AODV. So, Initially the number of control packet 

flooded in the network is same as that of AODV and HRP-UR. But as the number of source-

destination pair which are interested to communicate get increased, the number of control packets 

flooded in the network reduces significantly. Due to the maintenance of routing table as that of 

proactive routing protocol, source node can able to get route information from own routing table and 

reduces frequent route request broadcasting for every new source-destination pair which is always 

initiated in AODV routing protocol. 

 

 

 

 

 

 

 

 

 

 

 

 

Figure 5: Control Packets Flooded in the Network 

 

4.2.2 Data Packet Sent and Dropped 

We plot the graph of number of packets sent and dropped versus CBR traffic in the network as shown 

in Figure 6 from the graph; the number of packet dropped in CBR0 between node 0 to node 14 is 

greater in HRP-BR than HRP-UR and AODV protocol. But it is decreasing for CBR1, CBR2 and 

CBR4 gradually as compared to HRP-UR and AODV. For CBR3 it is same in HRP-BR, HRP-UR and 

AODV.  

 

 
 

 

 

 

 

 

 

 

 

 

 

 

Figure 6: Data Packets Sent and Dropped in the Network 

4.2.3 Average End-To-End Delay Analysis  
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We plot the graph of average delay versus CBR traffic in the network as shown in Figure7. From the 

graph, the average delay for CBR 0 between node 0 to node 14 is less in HRP-BR than HRP-UR and 

AODV. Since we are using broadcasting RREP, so it reduces end-to-end delay as explained in 

pervious Section For CBR 1, CBR 2 and CBR 3 there is no need to broadcast route request as the 

routing information is available in there respective source. This will help to start data transmission. 

But in AODV and HRP-UR, it has to setup route by route discovery process. As a result average end-

to-end delay is less in HRP-BR.  

       

 

 

 

 

 

 

 

Figure 7: Average End-to-End Delay Analysis 

V. CONCLUSION 

The Proactive and Reactive approach for routing in ad hoc network have their merits and demerits. 

The Proposed routing protocol will have an advantage of both proactive and reactive approach. 

Backup routing in proposed scheme will helpful in path break up to some extent. Here we want to 

conclude by saying that the analytic study of the new hybrid approach will result in less routing 

overhead than most of the routing algorithm such as AODV and DSDV. The simulation results of 

control packets flooded in the network, data packets sent an dropped and average end-to-end delay 

analysis are related with the efficient routing issue, which is most demanding and thrust area of ad hoc 

network. We have a hybrid routing protocol scheme with unicast reply and Broadcast reply.  
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ABSTRACT 

Visual information transmitted in the form of digital images is becoming a major method of communication in 

the modern age. All digital images contain some degree of noise. Removing noise from the original signal is still 

a challenging problem for researchers. In this paper, the non-local denoising approach presented by Buades et 

al. is compared and analyzed  by Fast non- local means algorithm. The original non-local means method is 

based on Self Similarity concept. Non local means denoising algorithm has disadvantage that remarkable 

denoising results are obtained at high expense of computational cost due to the enormous amount of weight 

computations. In order to accelerate the algorithm a new one that reduces the computation cost for calculating 

the similarity of neighborhood window was developed, known as Fast non- local means algorithm. In this 

algorithm , an approximate measure about the similarity of neighborhood windows, an efficient Summed Square 

Image (SSI) scheme and Fast Fourier transform (FFT) were used to accelerate the calculation of this measure. 

Furthermore, results obtained by simulation using Matlab7.0 shows that  Fast non- local means algorithm is 

fifty times faster than original non –local means algorithm .We finally demonstrate the potential of the both 

algorithms through comparisons. We also present denoising results obtained on real images. 

KEYWORDS: Image denoising, Non-local means, Summed square image, FFT  

I. INTRODUCTION 

1.1. Digital Image Processing 

Most of the common image processing functions available in image analysis systems can be 

categorized into the following four categories: 

1. Pre-processing 

2. Image Enhancement 

3. Image Transformation 

4. Image Classification and Analysis 

Most denoising algorithms make two assumptions about the noisy image.  These assumptions can 

cause blurring and loss of detail in the resulting denoised images. The first assumption is that the 

noise contained in the image is white noise.  This means that the noise contains all frequencies, low 

and high.  Because of the higher frequencies, the noise is oscillatory or non-smooth.  The second 

assumption is that the true image (image without the noise) is smooth or piecewise smooth [7].This 

means the true image or patches of the true image only contain low frequencies. 

Previous methods attempt to separate the image into the smooth part (true image) and the oscillatory 

part (noise) by removing the higher frequencies from the lower frequencies. However, not all images 
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are smooth. Images can contain fine details and structures which have high frequencies. When the 

high frequencies are removed, the high frequency content of the true image will be removed along 

with the high frequency noise because the methods cannot tell the difference between the noise and 

true image [7].This will result in a loss of fine detail in the denoised image. Also, nothing is done to 

remove the low frequency noise from the image. Low frequency noise will remain in the image even 

after denoising.  

Numerous and diverse denoising methods have already been proposed in the past decades,  just to 

name a few algorithms: total variation[8], bilateral filter or kernel regression[2][9] and wavelet-based 

techniques.[3][10][11][12]. All of these methods estimate the denoised pixel value based on the 

information provided in a surrounding local limited window. 

Unlike these local denoising methods, non-local methods estimate the noisy pixel is replaced based on 

the information of the whole image.  Buades developed a non-local image denoising algorithm by 

making use of the information encode in the whole image [8]. When modifying a pixel, the algorithm 

first computes the similarity between a fixed window centered around it and the windows centered 

around the other pixels in the whole image, then it takes the similarity as a weight to adjust this pixel. 

This method has shown remarkable and convincing results, but the efficiency is low for its pixel-wise 

window matching. The computational complexity of the NLM algorithm and Fast NLM algorithm are 

about O(��) and 49 ∗ 441 ∗ ��	respectively, in which �� is the number of pixels of the image. 

However, even with the NLM algorithm, it still takes about 1 minute to denoise a 640 ∗ 480 image on 

a common PC. In evidence, the high computational complexity makes it unfeasible to tackle with 

practical issues. 

Fast NLM denoising algorithm [4] was developed  in the frame of nonlocal method by developing a 

fast calculation method for the comparison of windows’ similarity. Exploiting a Summed Squares 

Image (SSI) scheme and Fast Fourier Transform (FFT), the per-pixel neighborhood matching is 

converted into the SSI pre-computing and efficient FFT. Computational complexity analysis and 

experiments indicate that fast non-local algorithm is about 50 times faster than the original non-local 

algorithm, and yet produces similar results. Using Fast NLM algorithm, it normally takes less than 1 

second to denoise a normal size image (e.g. 640 ∗ 480), and less than 10 seconds to denoise a 500 

Megabyte photograph, which enables the algorithm widely applicable to practical situations. 

The rest of this paper is organized as follows. In section 2, we introduce the  non-local means 

algorithm. Section 3 introduces fast non-local algorithm for image denoising. Section 4 provides 

comparison and some discussion about above mentioned non-local means and fast non-local 

algorithm. The last Section concludes the whole paper. 

1.2. Related Work 

A. Buades, B. Coll, and J. Morel proposed a non-local algorithm for image denoising[5][6]. The 

search for efficient image denoising methods is still a valid challenge at the crossing of functional 

analysis and statistics. In spite of the sophistication of the recently proposed methods, most algorithms 

have not yet attained a desirable level of applicability. All show an outstanding performance when the 

image model corresponds to the algorithm assumptions but fail in general and create artifacts or 

remove image fine structures. The main focus of this paper is, first, to define a general mathematical 

and experimental methodology to compare and classify classical image denoising algorithms and, 

second, to propose a nonlocal means (NL-means) algorithm addressing the preservation of structure in 

a digital image. The mathematical analysis is based on the analysis of the “method noise,” defined as 

the difference between a digital image and its denoised version. The NL-means algorithm is proven to 

be asymptotically optimal under a generic statistical image model. The denoising performances of all 

considered methods are compared in four ways; mathematical: asymptotic order of magnitude of the 

method noise under regularity assumptions; perceptual-mathematical: the algorithms artifacts and 

their explanation as a violation of the image model; quantitative experimental: by tables of L2 

distances of the denoised version to the original image. The most powerful evaluation method seems, 

however, to be the visualization of the method noise on natural images.  

A. Efros and T. Leung[13] proposed Texture synthesis by non parametric sampling.Textures can often 

more easily be described as a composition of subtextures than as a single texture. The paper proposes 

a way to model and synthesize such “composite textures”, where the layout of the different 

subtextures is itself modeled as a texture, which can be generated automatically. This procedure 
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comprises manual or unsupervised texture segmentation to learn the spatial layout of the composite 

texture and the extraction of models for each of the subtextures. Synthesis of a composite texture 

includes the generation of a layout texture, which is subsequently filled in with the appropriate 

subtextures. This scheme is refined further by also including interactions between neighboring 

subtextures. 

II. NON- LOCAL MEANS ALGORITHM 

Figure 1:  Example of self-similarity in an image.  Pixels p and q1 have similar neighborhoods, but pixels p and 

q2 do not have similar neighborhoods. Because of this, pixel q1 will have a stronger influence on the denoised 

value of p than q2. 

The Self-Similarity concept was originally developed by Efros and Leung for texture synthesis [13]. 

The NLM method proposed by Buades [6] is based on the same concept. This concept is better 

explained through an example given in figure 1. The figure shows three pixels p, q1, and q2 and their 

respective neighborhoods. It can be seen that the neighborhoods of pixels p and q1 are much more 

similar than the neighborhoods of pixels p and q2. In fact, to the naked eye the neighborhoods of 

pixels p and q2 do not seem to be similar at all. In an image adjacent pixels are most likely to have 

similar neighborhoods. But, if there is a structure in the image, non-adjacent pixels will also have 

similar neighborhoods. Figure 1 illustrates this idea clearly. Most of the pixels in the same column as 

p will have similar neighborhoods to p’s neighborhood. In the NLM method, the denoised value of a 

pixel is determined by pixels with similar neighborhoods. 

2.1. Non-local Means Method 

Each pixel p of the non-local means denoised image is computed with the following formula: 

NL( V )( p) =   ∑ ��	�, ���������                                                      (1) 

where V is the noisy image, and weights w(p,q) meet the following conditions0 ≤ w( p, q ) ≤ 1 and 

∑ =
q

qpw 1),( . Each pixel is a weighted average of all the pixels in the image. 

The weights are based on the similarity between the neighbourhoods of pixels p and q [1, 2].  For 

example, in Figure1 above the weight w(p,q1) is much greater than w(p,q2) because pixels p and q1 

have similar neighbourhoods and pixels p and q2 do not have similar neighbour hoods.  In order to 

compute the similarity, a neighbourhood must be defined. Let Ni be the square neighbourhood centred 

about pixel i with a user-defined radius Rsim.  To compute the similarity between two 

neighbourhoods take the weighted sum of squares difference between the two neighbourhoods or as a 

formula 

         d ( p , q ) = || V ( N p ) – V ( N q ) ||
2

,2 F  [1, 2].                                           (2) 

Here F is the neighbourhood filter applied to the squared difference of the neighbourhoods and will 

be further discussed later in this section.  The weights can then be computed using the following 

formula:  

w(p , q) = h

qpd

p

) , ( 

e 
1

)  ( Z

−

  
                                                        (3) 

The image cannot be displayed. Your computer may not have enough memory to open the image, or the image may have been corrupted. Restart your computer, and then open the file again. If the red x still appears, you may have to delete the image and then insert it again.
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Z(p) is the normalizing constant defined as   

  Z(p) = ∑q h

qpd ) , (  -
 e    [1,2].                                                         (4) 

h is the weight-decay control parameter. 

As previously mentioned, F is the neighborhood filter with radius Rsim. The weights of F are 

computed by the following formula: 

    ∑
=

≠

simR

mi
i

simR
  2 ( / 1 

1
| 

2) 1                                                                  (5) 

where m is the distance the weight is from the center of the filter.  The filter gives more weight to 
pixels near the center of the neighborhood, and less weight to pixels near the edge of the 
neighborhood.  The center weight of F has the same weight as the pixels with a distance of one [5].  
Despite the filter's unique shape, the weights of filter F do sum up to one. 

Equation (1) from above does have a special case when q = p.  This is because the weight w(p, p) can 
be much greater than the weights from every other pixel in the image.  By definition this makes sense 
because every neighborhood is similar to itself.  To prevent pixel p from over-weighing itself let w(p 
,p) be equal to the maximum weight of the other pixels, or in more mathematical terms 

   w ( p , p) = max w(p , q) | p ≠ q|                                                   (6) 

III. FAST NON-LOCAL MEANS DENOISING ALGORITHM 

Fast non-local means algorithm [19] is based on Summed Squared Image (SSI)[14] and fast Fourier 

transform (FFT), together with an approach for estimating the standard deviation of noise. An 

improvement of image quality towards the original algorithm is to ignore the contributions from 

dissimilar windows. Even though their weights are very small at first sight, the new estimated pixel 

value can be severely biased due to the many small contributions. Using a pre-classification 

technique, only weights for the most meaningful pixels are computed. This pre-classification is a fast 

way to exclude dissimilar windows, which eventually results in a smaller computation time and even 

in a better overall denoising quality. Fast non-local means algorithm is further optimized by taking 

advantage of the symmetry in the weights and by using a lookup table to speed up the weight 

computations.  

For the convenience of acceleration, fast non-local means algorithm adopted the Euclidean distance 

[4] to compare two neighbourhoods, 

S��, ��       = ||� − �"	||�,                                                                                  (7)                                                                            

                                                  =	∑ ∑ [$ %&'
()*

%&'
+)* �,,-� − $"�,,-�]�																																																							  (8) 

Where $ �,,-� and $"�,,-�) represent the corresponding pixels in �  and �" respectively. In fact, 

$"�,,-�) in equation (8) can be represented in the global coordinates on the mirrored image as: 

$"/, − 0"
′ , - − 1"

′2 with 0"
′  = 3M/2 +	0",  1"

′= 3M/2 +	1" (see Fig. 2). 

                                      

                                 
Figure 2.  Mirrored image 

So equation (7) is transformed into: 
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S��, ��       =	∑ ∑ [$ %&'
()*

%&'
+)* �,,-� − $"/, − 0"

′ , - − 1"
′2]�, 

                                                        = � 
� + �"

� − � ∗ �"                                          (9) 

Where  � 
�		=		∑ ∑ [$ %&'	

()*
%&'
+)* �,,-� − $"�,,-�]�, 

             �"
�		= 	∑ ∑ 	[$ %&'

()*
%&'
+)* �,,-� − $"/, − 0"

′ , - − 1"
′2]�, 

	and	� ∗ �"		=  2∑ ∑ 	�%&'
()*

%&'
+)* �,,-�. $"/, − 0"

′ , - − 1"
′2�� 

denotes the convolution between � 	8�9	�" . In above formula, � ∗ �"	can be figured out quickly 

with multiplications under the fast Fourier transform, while � 
�	and �"

� can be fast calculated as well 

using the Summed Squared Image (SSI) proposed in subsection 3.1. Note that if the compare window 

size is M ∗ M, in (7), computing the similarity of the two compare window requires :� pixel 

operations, while, in algorithm, it is figured out once which is achieved by means of FFT. 

3.1. Summed Square Image (SSI) 

The principle of SSI resembles Integral image which has been used in face detection [14]. For each 

pixel in the image, integral image maintains the summed value of all the pixels in the upper left part 

of the original image. Here it was extended to SSI. Similar to the definition of integral image, for each 

pixel (0*	, 1*	�, SSI stores its sum for the squared values of the upper left pixels, 

SSI (0*	, 1*	� = ∑ $�
;<;=	,><>=	

�0, 1�                                                   (10) 

SSI can be obtained in linear time proportional to the image size, each pixel in the original image is 

processed only once, so the computational complexity for computing SSI is O(��), in which �� is the 

size of the image. By means of SSI, the sum of squares can be easily obtained for each pixel in any 

rectangles of the image within constant time. For example in Fig. 3, to calculate the sum of squares in 

rectangle D, only 3 addition operations are required, 

SD = SA∪B∪C∪D + SA – SA∪C − SA∪B 

                                                   = SSI (0'	,	1'	) + SSI (0*	, 1*	) –SSI (0*	,	1'	) – SSI (0'	, 1*	)    (11) 

Therefore, � 
�	and	�"

� can be computed quickly with equation (11) . Accurate analysis in section 4 

will show that fast non-local algorithm is much faster than the original one. 

 

Figure 3.  Using SSI to compute the summed squared pixels in the rectangle D 

IV. RESULTS AND DISCUSSIONS 

The most time-consuming part of the non-local algorithm [5] is the calculation of the Euclidian 

distance between similar windows in the image. For each pixel in the image, it takes :�·	��  square 

calculations and the whole computational complexity is :� · ��  (:�  denotes the size of similar 

windows and  �� represents the number of pixels in the noised image). 

It is well known that convolution becomes multiplication under Fourier transform, thus only �� 

multiplications need to be taken for each pixel in the image in fast non-local means algorithm. Thus 

the total computational complexity is �� in fast non-local means algorithm, which is :�	times faster 

than the original algorithm.  

As suggested in Buades’ paper [5],  M  is set to be 7, and a 21 ∗ 21 search window is used instead of 

the whole image. In such simplification, instead of requiring 49 pixel operations when computing the 
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similarity of two windows in [8], the similarity can be figured out once by FFT and Summed Squares 

Image (SSI), thus the complexity of fast non-local algorithm is 441 ∗ ��. Clearly, comparing to the 

original non-local means 49∗	441∗		��, fast non-local algorithm is about fifty times faster. This makes 

the performance of fast non-local algorithm acceptable to common users as is demonstrated in Table 

1. 
Table 1.  Performance results. 

Image size Original NL Fast NL algorithm Ratio 

512*512 28.16 secs 0.35 secs 80.5 

1024*768 85.45 secs 1.44 secs 58.6 

2592*1944 551.1 secs 9.55
 
secs 57.7 

 

Fast non-local denoising results are comparable to that of the original non-local algorithm in terms of 

mean squared error (MSE). Table 2 compares the mean squared error (MSE) for different standard 

deviation of the added noise between Fast non-local means method and the original non-local means 

algorithm. 

Table 2.  MSE comparison. 

Stand deviation σ 5 10 15 20 25 

Fast NL Method 14.6 32 55 81 110 

Original NL means 

method 

12 30 52 68 106 

Finally in figure 4-5, we present some qualitative results obtained by simulation using Matlab 

7.0[20][21]. Figure 4 shows a original and noisy image and its nice reconstruction by Non-Local 

Mans and Fast Non-Local Means algorithms. 

 

Figure 4.  Comparison between non-local method and fast non-local denoising method result. From left to right,   

original image, noised image, result of non-local (MSE 60) and result of fast non-local ( MSE 72)  

The aim of figure 5 is to compare the quality of denoised image obtained by Non-Local Mans and 

Fast Non-Local Means algorithms by visual infection. Figure 6 shows the Fast Non-Local Means 

algorithm result of noisy Lina with standard deviation 25. All simulation were carried out using 

Matlab 7.0[20]. 

 
                                                                       (a)                                       (b)  

 
                                                                        (c)                                      (d)                                  

Figure 5.  Comparison between the results obtained by Non-local means and Fast non-local means algorithm for 

noisy Mandrill. (a) Original Mandrill image. (b) Noisy Mandrill. (c) Result obtained by Non-local means 

algorithm. (d) Result by Fast non-local means algorithm. 
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Figure 6.  Fast non- local means denoising result of noised Lena ( standard deviation 25) 

V. CONCLUSIONS 

In this paper, Fast non-local denoising algorithm [4][19] is compared to original non-local means 

algorithm[5]. Then an in-depth talk about the non-local means algorithm for removing noise from 

digital image was given. Afterward a overview of  how fast non-local means algorithm denoised the 

digtal image using summed square image[14] and fast Fourier transform technique was presented. 

Then based on simulation results obtained by Matlab 7.0[20] and in terms of MSE and efficiency, a 

comparison between non-local means and fast non-local means algorithms was presented for image 

denoising. Using these comparisons it was proven that the efficiency of fast non-local means 

denoising algorithm is about fifty times of the original NL algorithm and the denoising results are still 

comparable to the results of the original algorithm both in MSE and perception. Thus fast non-local 

means denoising algorithm is feasible to tackle with practical problems. 

VI. FUTURE WORK 

In future the Matlab code can be converted to VHDL code and implemented on FPGA kit in order to 
develop ASIC (application specific IC) for image transformation and analysis. ASIC can be made for 
doing the specific work of image denoising , so a person who do not know any algorithm for image 
denoising are also capable of doing it. 
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ABSTRACT 

In this paper, a mathematical tunable gain model free PID-like sliding mode fuzzy controller (PIDSMFC) 

isdesigned to rich the best performance. Sliding mode fuzzy controller is studied because of its model free,stable 

and high performance. Today, most of systems are used in unknown andunstructured environment and caused to 

provide sophisticated systems, therefore strong mathematicaltools (e.g., nonlinear sliding mode controller) are 

used in artificial intelligent control methodologies todesign model free nonlinear robust controller with high 

performance (e.g., minimum error, good trajectory, disturbance rejection). Non linear classical theories have 

been applied successfully in many applications, but they also have some limitation. One of the most 

importantchallenging in pure sliding mode controller and sliding mode fuzzy controller is sliding surface slope. 

Thispaper focuses on adjusting the gain updating factor and sliding surface slope in PID-like sliding modefuzzy 

controller to have the best performance and reduce the limitation. 

KEYWORDS: Sliding Mode Control, Fuzzy Control, PIDControl, Brushless DC Motor, Matlab/Simulink. 

I. INTRODUCTION 

The industrial world of today is fast growing and so is the demand for precision. There are several 
applications today that demand high performance BLDC motor drives. Among the various motors, 
brushless dc motors are gaining widespread popularity in electric vehicles, aerospace, military 
equipments, hard disk drives, HVAC industry, medical equipments etc., due to their well-known 
advantages like high efficiency, low maintenance and excellent speed-torque characteristics. 
The conventional controllers used in high performance drives are proportional integral (PI) or 
proportional integral derivative (PID) controllers. These are constant gain controllers and require 
accurate mathematical models or system response for their design. The BLDC motor drive system is 
highly non-linear. It is often very difficult to obtain an accurate mathematical model for BLDC motor 
drive systems when the motor and load parameters are unknown and time-varying. The conventional 
controllers fail to give optimal performance during change in operating conditions like variations in 
parameters, saturation and noise propagations. This has resulted in an increased interest in intelligent 
and adaptive controllers. 
Sliding mode control (SMC) is one of the popular strategies to deal with uncertain control systems. 
Sliding mode control can offer a number of attractive properties for industrial applications such as 
insensitivity to the parameter variations and external disturbances. The system dynamics are 
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determined by the choice of sliding hyper-planes and are independent of uncertainties and external 
disturbances.  
To eliminate the chattering, a boundary layer can be introduced   around the sliding surface and the 
tracking performance is compromised. Within the boundary layer, the control command is a linear 
function of the distance between the actual system state and the sliding surface. The distance is 
represented by a function called sliding function. The main feature of SMC is the robustness against 
parameter variations and external disturbances. Various applications of SMC have been conducted, 
such as robotic manipulators, aircrafts, DC motors, chaotic systems, and so on. Reduced chattering 
may be achieved without sacrificing robust performance by combining the attractive features of fuzzy 
control with SMC. 
There has been a significant and growing interest in the application of fuzzy logic to control the 
complex, nonlinear systems. The design of fuzzy logic controller doesn’t require mathematical model 
of the system, but rules describing the behavior of the system have to be framed based on the 
knowledge of the system. It is possible to quickly develop and implement a fuzzy controller for non-
linear systems such as BLDC motor drives.  
Although both SMC and FLC have been applied successfully in many applications but they also have 
some limitations. This paper focuses on applied sliding mode controller to proposed PID error-base 
fuzzy logic system with minimum rule base and adjusts the sliding surface slope to implement easily 
and avoid mathematical model base controller. 
The information referred from various literatures for carrying out this work is as follows. The 
modelling of brushless dc motor, estimation of parameters and control schemes are discussed in [1]-
[3]. The effect of change in motor parameters, load disturbances on the performance of the brushless 
dc drive system is discussed in [4]-[6].Several tuning methods for the PI and PID controllers are 
described in [7]-[9].Design, implementation and performance analysis of sliding mode controllers for 
various applications such as AC motors, BLDC motor, etc., are presented in [10]-[14].Design and 
implementation of fuzzy based controllers for improving the performance of dc motors and brushless 
dc drives under different operating conditions are discussed in [15]-[19].Controllers design with 
artificialtunable gainis explained in [19]-[21].The simulation software MATLAB/Simulink is 
explained in[22]. 
This paper is organized into six sections. Section 1 gives introduction to the proposed work, section 2 
deals with modelling of BLDC motor drive, section 3, 4 describes the classical sliding mode, design 
and implementation of PID fuzzy controller based BLDC motor drives, section 5 describes the 
proposed method of sliding mode fuzzy controller (SMFC) based BLDC motor drive, and  finally 
conclusion is presented in section 6.   

II. MATHEMATICAL MODEL OF THE BLDC MOTOR 

It is assumed that the BLDC motor is connected to the output of the inverter, while the inverter input 

terminals are connected to a constant supply voltage, as shown in Figure 1. Another assumption is that 

there are no power losses in the inverter and the 3-phase motor winding is connected instar. Brushless 

DC motor considered in this paper is a surface mounted, non-salient pole, permanent magnet (PM) 

synchronous machine with trapezoidal flux distribution in the air gap. This kind motor is very 

attractive in servo and/or variable speed application since it can produce a torque characteristic similar 

to that of a permanent magnet DC motor while avoiding the problems of failure of brushes and 

mechanical commutation.   
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Figure 1: BLDC model. 

 For a symmetrical winding and balanced system, the voltage equation across the motor winding is as 
follows: 

Applying Kirchhoff’s voltage law for the three phase stator loop winding circuits’ yields:  
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Where 

R       Winding resistance per phase 

La  Self inductance per phase A 

Lba   Mutual inductance between phases B and A 

ea     Per phase A EMF 

Va    Per phase A voltage 

Where the back-EMF waveforms ea, eb and ec are functions of angular velocity of the rotor shaft, so 

mωeke =           (4) 

Where Keis the back-emf constant. So the BLDC motor mathematical model can be represented by the 

following equation in matrix form: 
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If we assume that the rotor has a surface-mounted design, which is generally the case for today’s 

BLDC motors, there is no saliency such that the stator self-inductances are independent of the rotor 

position, hence:  

LLLL cba ===  

And the mutual inductances will have the form: 
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MMMMMMM cbcabcbaacab ======  

Assuming three phase balanced system, all the phase resistances are equal: 

RRRR cba ===  

Rearranging the equation (5) yields; 
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The electromechanical torque is expressed as 

Lr
r

em TB
dt

d
JT ++= ω

ω
         (7) 

But the electromagnetic torque for this 3-phase BLDC motor is dependent on the current, speed and 

back-EMF waveforms, so the instantaneous electromagnetic torque can be represented as: 
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em ieieieT ++=
ω

         (8) 

III. CLASSICAL SLIDING MODE METHODOLOGY 

SMC is a Variable Structure Controller (VSC). Basically, a VSC includes several different continuous 

functions that can map plant state to a control. Surface and the switching among different functions 

are determined by plant state that is represented by a switching function. Without loss of generality, 

consider the design of a SMC for the following second order system: (here u(t) is the input to the 

system) . 

eqs uuu +=            (9) 

  Where )(.
φ

s
satkus −= and constant factor Φdefines the thickness of the boundary layer. 

sat(s / Φ) is a saturation function that is defined as: 
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The function between ��  and s / Φis shown in the Figure 2. 
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The control strategy adopted will guarantee a trajectory for the system that move toward the sliding 

surface S=0 and stay on from any initial condition if the following condition meets:

SSS η−≤
.

   

Where η is a positive constant that guarantees the system trajectories hit the sliding surface in finite 

time .Using a sign function often c

boundary layer around the switch surface.

This controller is actually a continuous approximation of the ideal relay control. The consequence of 

this control scheme is that invariance of sliding m

function of the width of the boundary layer.

The principle of designing sliding mode control law for arbitrary

derivative of variables those are forced to zero. Switching

of the switching function. The transient response of the system is determined by this switching surface 

if the sliding mode exists. First, the position error is introduced: error of a variable is forced to zero.

the DC motor system the position error and its derivative are the selected coordinate    
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Where θref (k) and θ (k) are the respective responses of the desired reference track and actual rotor 

position, at the k the sampling interval and e (k) is the position error. The sliding surface (s) is defined 

with the tracking error (e) and its integral (
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Where λ1 ,λ2>0 are a strictly positive real constant. The
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Where k is a constant parameter, sign (·) is the sign function and S is the switching function.

Also, the rotational speed is given by,
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Figure 2: Switching surface in the phase plane. 

The control strategy adopted will guarantee a trajectory for the system that move toward the sliding 

S=0 and stay on from any initial condition if the following condition meets:

      

 is a positive constant that guarantees the system trajectories hit the sliding surface in finite 

time .Using a sign function often causes chattering in practice. One solution is to introduce a 

boundary layer around the switch surface. 

This controller is actually a continuous approximation of the ideal relay control. The consequence of 

this control scheme is that invariance of sliding mode control is lost. The system robustness is a 

function of the width of the boundary layer. 

The principle of designing sliding mode control law for arbitrary-order plants is to make the error and 

derivative of variables those are forced to zero. Switching surface design consists of the construction 

of the switching function. The transient response of the system is determined by this switching surface 

if the sliding mode exists. First, the position error is introduced: error of a variable is forced to zero.

the DC motor system the position error and its derivative are the selected coordinate    

      

 (k) are the respective responses of the desired reference track and actual rotor 

ampling interval and e (k) is the position error. The sliding surface (s) is defined 

with the tracking error (e) and its integral (∫ e dt) and rate of change (ė). 

      

0 are a strictly positive real constant. The basic control law of SMC is given by:

      

Where k is a constant parameter, sign (·) is the sign function and S is the switching function.

Also, the rotational speed is given by, 
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The control strategy adopted will guarantee a trajectory for the system that move toward the sliding 

S=0 and stay on from any initial condition if the following condition meets: 

  (11) 

 is a positive constant that guarantees the system trajectories hit the sliding surface in finite 

auses chattering in practice. One solution is to introduce a 

This controller is actually a continuous approximation of the ideal relay control. The consequence of 

ode control is lost. The system robustness is a 

order plants is to make the error and 

surface design consists of the construction 

of the switching function. The transient response of the system is determined by this switching surface 

if the sliding mode exists. First, the position error is introduced: error of a variable is forced to zero. In 

the DC motor system the position error and its derivative are the selected coordinate     

 (12) 

 (k) are the respective responses of the desired reference track and actual rotor 

ampling interval and e (k) is the position error. The sliding surface (s) is defined 

 (13) 

basic control law of SMC is given by: 

  (14) 

Where k is a constant parameter, sign (·) is the sign function and S is the switching function. 
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IV. PID FUZZY LOGIC CONTROLLER 

A PID fuzzy controller is a controller which takes error, integral of error and derivative of error as 
inputs. Fuzzy controller with three inputs is difficult to implementation, because it needs large number 
of rules, inthis state the number of rules increases with an increase the number of inputs or fuzzy 
membershipfunctions. 
In the PID FLC, if each input has 7 linguistic variables, then 7 ×7 ×7 =343 rules will be needed. The 
proposed PID FLC is constructed as a parallel structure of a P+D sliding surface slope and P+I+D 
sliding surface slope, and the output of the PID FLC is formed by adding the output of two 
fuzzycontrol blocks. This work will reduce the number of rules needed to 7 ×7 =49 rules only. 
This controller has two inputs (S1,S2) and one output ( τfuzzy). The inputs are first sliding surface (S1) 
which measures by the equation (3), the second sliding surface (S2) which measures by the equation 
(4).For simplicity in implementation and also to have an acceptable performance the triangular 
membershipfunction is used. The linguistic variables for first sliding surface (S1) are; Negative Big 
(NB), NegativeMedium (NM), Negative Small (NS), Zero (Z), Positive Small (PS), Positive Medium 
(PM), Positive Big(PB), and it is quantized in to thirteen levels represented by: -6, -5, -4, -3, -2, -1, 0, 
1, 2, 3, 4, 5, 6 thelinguistic variables for second sliding surface (S2) are; Fast Left (FL), Medium Left 
(ML), Slow Left(SL),Zero (Z), Slow Right (SR), Medium Right (MR), Fast Right (FR), and it is 
quantized in to thirteenlevels represented by: -6, -5, -0.4, -3, -2, -1, 0, 1, 2, 3, 4, 5, 6 and the linguistic 
variables to find the outputare; Large Left (LL), Medium Left (ML), Small Left (SL), Zero (Z), Small 
Right (SR), Medium Right (MR),Large Right (LR) and it is quantized in to thirteen levels represented 
by: -85, -70.8, -56.7, -42.5, -28.3, - 14.2, 0, 14.2, 28.3, 42.5, 56.7, 70.8, 85. Design the rule base of 
fuzzy inference system can play important role to design the best performance of sliding mode fuzzy 
controller, this paper focuses on heuristic method which, it is based on the behavior of the control 
systems. 
The complete rule base for this controller is shown in Table 1. Rule evaluation focuses on operation in 
the antecedent of the fuzzy rules in sliding mode fuzzy controller. Max-Min aggregation is used in 
this work which the calculation is defined as follows; 
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The last step to design fuzzy inference in sliding mode fuzzy controller is defuzzification. In this 
design the Center of gravity method (COG) is used and calculated by the following equation; 
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Table 1: Modified Fuzzy rule base table 

 

This table used to describe the dynamics behavior of sliding mode fuzzy controller. Table 2 is shown 
theCOG deffuzzification lookup table in fuzzy logic controller. These output values were obtained 
bymathematical on line tunable gain adjustment to reach the best performance in sliding mode 
fuzzycontroller. 
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Table 2: COG lookup table in fuzzy sliding mode controller 

S2→ 
 
S1 ↓ 

 

Membership Function 

-6 -5 -4 -3 -2 -1 0 1 2 3 4 5 6 

-6 -85 -84.8 -84.8 -84 -82.1 -81 -79 -71 -68 -65 -62 -60 -54 
-5 -84.8 -84 -82 -80 -78 -77 -74 -70 -64 -60 -56 -54 -47 
-4 -78 -73 -70 -68 -64 -61 -60 -57 -55 -50 -47 -40 -38 
-3 -70 -60 -58 -51 -42 -38 -34 -33 -31 -29 -28.4 -28.1 -28 
-2 -50 -48 -45 -40 -38 -34 -32 -30 -28 -26 -25 -21 -20 
-1 -30 -25 -21 -18 -16 -14 -10 -9 -8 -7 -6.8 -6 -5 
0 -10 -8 -6 -1 2 3 6 7 8 10 12 15 17 
1 15 18 21 22 23 25 27 28 29 30 30.5 30.8 31 
2 29 29.8 31 33 34 34.6 35 35.2 36 37 38 39 42 
3 40 41 42 43 45 45 46 46.3 46.8 47 48 51 52 
4 48 49 50 52 53 55 56 57 58 59 60 61 63 
5 60 61 62 63 64 66 67 68 68.5 69 70 70.8 71 
6 66 68.7 68.9 70 72 74 75 77 78 79 81 83 84 

 

V. THE PROPOSED METHOD 

Sliding mode controller has two main parts: equivalent controller, based on dynamics formulation 
andsliding surface saturation part based on saturation continuous function to reduce or eliminate 
thechattering. Reduce or eliminate the chattering regarding to reduce the error is play important role 
inthis research. Applied sliding mode controller in fuzzy logic method have been proposed by 
severalresearchers  but in proposed method the new PID method with 49 rules is implemented and 
adjustby on line mathematical method. SMFC is fuzzy controller based on sliding mode method to 
easyimplementation, stability, and robustness. A block diagram for sliding mode fuzzy controller is 
shown inFigure 3. 

 

Figure 3: Sliding Mode Fuzzy Control (SMFC). 

The system performance in this research is sensitive to the sliding surface slope λ input and output 
gain updating factor Kα& Kβ for sliding mode fuzzy controller. Sliding surface slope can change the 
response of the output if large value of λ is chosen the response is very fast but the system is very 
unstable and conversely, if small value of λ considered the response of system is very slow but the 
system is very stable. Determine the optimum value of λ for a system is one of the most important 
challenging works in SMFC. For nonlinear, uncertain, and time-variant plants on-line tuning method 
can be used to self-adjusting all coefficients. To keep the structure of the controller as simple as 
possible and to avoid heavy computation, a new supervisor tuner based on updated by a new 
coefficient factor Kn is presented. In this method the supervisor part tunes the output scaling factors 
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using gain online updating factors. The inputs of the supervisor term are error and change of error 
(e,ė) and the output of this controller is U, which it can be used to tune sliding surface slope, λ.  
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In this way, the performance of the system is improved with respect to the SMFC controller. So the 
new coefficient is calculated by; 

noldnew K×= λλ          (21) 

nKKK
oldnew

×= αα          (22) 

5.1. Results and Discussions 

The BLDC Model drive with speed controllers has been simulated in MATLAB/Simulink model.The 
conventional sliding mode fuzzy controller (SMFC) and mathematical tuneable gain model free PID-
like sliding mode fuzzy controller (PIDSMFC) were tested to compare response trajectory. The 
conventional control scheme is easy to perform in industry due to theirsimple control structure, ease 
ofdesign, and inexpensive cost. However, the SMFC with fixed fuzzyrules cannot provide perfect 
control performance if the controlled plant is highly nonlinear anduncertain. Figure 4 is indicated the 
power disturbance rejection in PIDSMFC and SMFC. A band limited white noisewith predefined of 
40% the power of input signal is applied to these controllers; it found slight oscillations inSMFC’s 
trajectory responses. 

 

 

Figure4: PIDSMFC and SMFC with external disturbance. 

Among above graph, relating to trajectory with external disturbance, SMFC has slightly fluctuations. 

By comparing overshoot; PIDSMFC's overshoot (1%) is lower than SMFC's (2.2%).Figure 5 shows 

the simulated results comparison between the SMFC and PIDSMFC of BLDC motor when load 

torque varied from 15 N-m to 11 N-m at the time of 4 sec.  
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Figure 5: Simulated results comparison between the SMFC and PIDSMFC controller of BLDC motor when 
load torque varied from 15 N-m to 11 N-m at the time of 4 sec. 

 

Figure 6: Simulated comparison results between the SMFC and PIDSMFC controller of BLDC motor when 
input Vdc varied from 400V to 600V at the time of 5.25 sec. 

As mentioned in previous, chattering play important roles in sliding mode fuzzy controller which one 

of the major objectives in this research is reduce or remove the chattering in system’s output with 

uncertainty and external disturbance. Figure 6 shows the simulation results of SMFC controller and 

PIDSMFC controller when varying the input voltage. It demonstrates that satisfactory trajectory 

tracking is achieved effectively and the input chattering is eliminated completely. 

VI. CONCLUSIONS 

Refer to the research, a PID-like sliding mode fuzzy controller (PIDSMFC) design and application to 
brushless DC motor (BLDC) has proposed in order to design high performance nonlinear controller in 
the presence of uncertainties. In the first part studies about classical sliding mode controller (SMC) 
which shows that: although this controller has acceptable performance with known dynamic 
parameters but by comparing the performance regarding to uncertainty, the SMC’s output has fairly 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

264 Vol. 4, Issue 2, pp. 255-265  
 

fluctuations and slight oscillation. Second step focuses on applied fuzzy logic method in sliding mode 
controller to solve the stability and robustness in pure fuzzy logic controller. The system performance 
in sliding mode controller and sliding mode fuzzy controller are sensitive to the sliding surface slope. 
Therefore, compute the optimum value of sliding surface slope for a system is the third important 
challenge work. This problem has solved by adjusting surface slope of the sliding mode controller 
continuously in real-time. The steady state error of the fuzzy control system can be reduced by 
choosing proper membership functions and fine tuning the membership functions. In this way, the 
overall system performance has improved with respect to the classical sliding mode controller. By 
comparing between PID-like sliding mode fuzzy controller and sliding mode fuzzy controller, found 
that PID-like sliding mode fuzzy controller has steadily stabilized in output response (e.g., torque 
performance) but sliding mode fuzzy controller has slight chattering in the presence of 
uncertainties.The simulation model which is implementedin a modular manner under 
MATLAB/Simulink environment allows that many dynamiccharacteristics such as voltage and rotor 
speed canbe effectively considered. 
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APPENDIX 

SPECIFICATIONS OF BLDC MOTOR 

Rated Voltage 36V 

Rated Current 5A 

No. of Poles 4 

No. of Phases 3 

Rated Speed 4000 rpm 

Rated Torque 0.42 N-m 

Torque Constant 0.082 N-m/A 

Mass 1.25 kg 

Inertia of Motor 23e-06 kg-m2 

Resistance per phase 0.57Ω 

Inductance per phase 1.5 mH 
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ABSTRACT 

The main objective of every search engine is to satisfy the users’ informational need. So we need to consider the 

behavior of user when we are designing a search engine. Based on some analysis, users are not patient enough 

to look at the entire result set that is given by search engine. Hence it is very crucial to achieve more accuracy 

on the documents that are ranked on top than improving the performance of search on the whole result set. Even 

though there are various methods in order to boost the performance of video search, they pay less attention in 

achieving high accuracy on the top ranked documents. In this paper, we are presenting a flexible and effective 

reranking method, called Cross-Reference (CR) Reranking to enhance the performance of retrieval of videos. In 

order to get more accuracy on the results of the top ranked documents CR-Reranking uses cross-reference 

method to combine or fuse various features. First, the initial result is reranked at the cluster level separately, 

based on multiple features. Further all the ranked clusters from different features are used cooperatively to get 

the final result set with high relevant documents ranked at the top. 

KEYWORDS - Clustering, Content Based Video Retrieval, multimedia databases, Ranking. 

I. INTRODUCTION 

Today most of the people are opting Data mining domain as their research field. Specifically, 

Content-based video retrieval (CBVR) has drawn lot of attention from many people in recent 

years.The current approaches for video search are limited to text based search, which processes the 

keyword queries against the tokens of the text that are associated with the video, such as speech 

transcripts, closed captions, and recognized video text. However, such textual information may not 

necessarily be useful for image or video sets. The use of other features such as content of the image, 

audio, face detection and high-level concept detection has shown that it improves the video search 

than the text based video search systems. Video contains several types of audio and visual information 

which are difficult to extract and combine in common video retrieval. In video search, the quality of 

the video is of at most important to the user. The search for videos in web is extremely challenging for 

the web search engines. The capabilities of video retrieval of conventional search engines were 

limited when they were devoid of the capacity to understand contents of the media. There is abundant 

space to enhance the traditional techniques in the field of video search. Due to the growing profusion 

of digital video contents, competent techniques for analysis, indexing, and retrieval of videos which 

are based on their contents have gained more significance. Previously many retrieval models have 

been developed in order to improve the quality of video search. But the search procedure 

implemented by most of these models are based on the similarity between the query that is given by 

the user and the shots in the database based on some low level features [1]. Hence the result set to the 

query of the user is obtained only based on some of the low level features. However, mostly this 

similarity is not consistent with the human expectation due to the drawbacks of current existing 
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techniques to understand image and video. Because of this there is a lot of semantic gap. And this 

semantic gap will keep increasing linearly as the data set in the search engine increases with time. 

Thereby this leads to rapid deterioration of search performance. But the final aim of every search 

engine is to improve the search performance by retrieving the top ranked relevant documents to 

satisfy the users’ need who are rarely patient to look at the entire result set.  

The rest of the paper is organized as follows: The following is about the existing and related work of 

video search engines. Section 2 brushes about the basic idea of CR Reranking and the steps used in 

the method. Section 3 elaborates the proposed CR-Reranking scheme. In Section 4, experimental 

results and performance analysis is given. In Section 5 and 6, we discuss the conclusion and future 

work. 

1.1 Related Work 

To improve the retrieval performance of video search engines many methods have been proposed. 

The main idea of Relevance Feedback(RF) [2] is to take the results that are initially returned from a 

given query and to use information about whether those results are relevant to perform a new query or 

not. The modification of the search process to improve the accuracy by using information obtained 

from the prior relevant documents. Below Fig1 depicts how exactly Relevance Feedback works. 

Pseudo Relevance Feedback (PRF) [3] which is also known as Blind Relevance Feedback, provides a 

method for automatic local analysis. It automates the manual part of relevance feedback, so that the 

user gets improved retrieval performance without an extended interaction. The method is to do normal 

search to find an initial set of most relevant documents, then to assume that the top "k" ranked 

documents are relevant, and finally to do relevance feedback. The procedure is: 

1. Take the results returned by initial query as relevant results (only top k with k being between 

10 to 3). 

2. Select top 10-20 terms from these documents. 

3. Expand query by adding these terms to query, and then match the returned documents for this 

query and finally return the most relevant documents. 

 

Figure 1: Relevance Feedback 

Although both RF- and PRF-based methods have achieved precision improvement on the entire result 

list by returning more relevant shots, no mechanism guarantees that these relevant shots will be top 

positioned. Now-a-days, the metasearch strategy [4], [5], which is originally put forward in the field 

of information retrieval, is imported to CBVR for improving the effectiveness of video search. Meta 

search engine is a search tool that will send user requests to many search engines and/or databases and 

further it will aggregate the results into a single list or displays them according to their source. 

Different search engines retrieve many of the same relevant documents. The combination of the 

returned lists is performed by simply giving higher ranks to the documents that are present 

simultaneously in multiple result lists. Metasearch engines will enable the users to access multiple 

search engines simultaneously by entering their search criteria only once. As a kind of feature based 

fusion method, metasearch can simultaneously leverage multiple ranked lists from several search 

engines based on various features. However, the problem with metasearch is that it is usually hard to 

expect users to provide query examples with feature representations. In addition, it is not easy in 

practice to get access to multiple search engines based on different features. 

 



International Journal of Advances in Engineering & Technology, Sept 2012.

©IJAET                                                                                                          

268 
 

Figure 2:

II. BASIC IDEA OF CR

In this paper, we introduce a reranking method, called C

combines multiple features in the manner of cross reference. The 

understanding the semantics or the meaning 

this idea is derived from the multiview learnin

machine learning. In multiview learning

subsets (or views), and then cooperatively uses the information from various views to learn the t

model. Its theoretical foundation depends on the assumption that different views 

uncorrelated. In our context, the assumption means that various 

effectiveness and independent of each other. Multivie

various research fields, such as concept detection [7

retrieving the most relevant shots in the initial search results, which is different from its original role. 

CR-Reranking method contains three main stages:

1. Clustering the initial results based on each feature view.

2. Determining the rank of each cluster

3. Fusing the ranked clusters into new result set using Cross Reference 

In the first stage, clustering is performed by considering the multiple features individually, on the 

initial result set that is obtained based on the users query. 

Pseudo Relevance Feedback. Now that clusters have 

be ranked. In second stage of CR

is done. Then in the last stage, we assume that the shot with high relevance should be the one that 

simultaneously exists in multiple high

assumption, the shots that are high relevant can be 

then they can be on top of the result list. As a result

given more consideration. Because the “unequal overlap property” is employed implicitly, this fusion 

strategy is similar to the metasearch methods to a certain extent. However, our crossreference strategy 

differs in two ways from metasearch. The first difference is that, instead of combining multiple ranked 

lists from different search engines, we integrate multiple reordered variants of the same result list 

obtained from only one text-based video search engine. 

multiple lists at the shot level, we first coarsely rank each list at the cluster level, and then integrate all 

the resulting clusters hierarchically.

2.1 Algorithm 

Step 1: Initial Result is taken and it is processed i

feature view B. 

Step 2:In each feature view they are ranked in ascending order based on Euclidean distance 

Let A={A1, A2, ….., A10
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Figure 2: Architecture of Metasearch engine 

CR-RERANKING 

In this paper, we introduce a reranking method, called Cross Reference Reranking. This 

features in the manner of cross reference. The core idea of CR

or the meaning of content of video based on different 

this idea is derived from the multiview learning strategy [6], which is a semi supervised

ultiview learning, it will first partition the available attributes into disjointed 

subsets (or views), and then cooperatively uses the information from various views to learn the t

theoretical foundation depends on the assumption that different views 

. In our context, the assumption means that various features should be comparable in 

effectiveness and independent of each other. Multiview strategy has been successfully applied to 

s, such as concept detection [7]. However, here, this strat

the most relevant shots in the initial search results, which is different from its original role. 

Reranking method contains three main stages: 

initial results based on each feature view. 

Determining the rank of each cluster that is formed based on the query. 

Fusing the ranked clusters into new result set using Cross Reference method

the first stage, clustering is performed by considering the multiple features individually, on the 

initial result set that is obtained based on the users query. Retrieval of initial result set is based on 

Now that clusters have been formed on the initial res

second stage of CR-Reranking, ranking of each cluster in accordance to the users query 

is done. Then in the last stage, we assume that the shot with high relevance should be the one that 

ultaneously exists in multiple high-ranked clusters obtained from different features. Based on this 

assumption, the shots that are high relevant can be retrieved using the cross-reference strategy and 

top of the result list. As a result, the accuracy on the top-

Because the “unequal overlap property” is employed implicitly, this fusion 

strategy is similar to the metasearch methods to a certain extent. However, our crossreference strategy 

rs in two ways from metasearch. The first difference is that, instead of combining multiple ranked 

lists from different search engines, we integrate multiple reordered variants of the same result list 

based video search engine. The second one is that, instead of fusing 

multiple lists at the shot level, we first coarsely rank each list at the cluster level, and then integrate all 

the resulting clusters hierarchically. 

Initial Result is taken and it is processed in two distinct feature views, i.e. 

In each feature view they are ranked in ascending order based on Euclidean distance 

10} 
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different features. Basically, 

semi supervised method in 

available attributes into disjointed 

subsets (or views), and then cooperatively uses the information from various views to learn the target 

theoretical foundation depends on the assumption that different views are compatible and 

should be comparable in 

w strategy has been successfully applied to 

this strategy is utilized for 

the most relevant shots in the initial search results, which is different from its original role. 

method. 

the first stage, clustering is performed by considering the multiple features individually, on the 

Retrieval of initial result set is based on 

been formed on the initial result set, they have to 

nking, ranking of each cluster in accordance to the users query 

is done. Then in the last stage, we assume that the shot with high relevance should be the one that 

ranked clusters obtained from different features. Based on this 

reference strategy and 

-ranked documents is 

Because the “unequal overlap property” is employed implicitly, this fusion 

strategy is similar to the metasearch methods to a certain extent. However, our crossreference strategy 

rs in two ways from metasearch. The first difference is that, instead of combining multiple ranked 

lists from different search engines, we integrate multiple reordered variants of the same result list 

The second one is that, instead of fusing 

multiple lists at the shot level, we first coarsely rank each list at the cluster level, and then integrate all 

 feature view A and  

In each feature view they are ranked in ascending order based on Euclidean distance  
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�����, �\��� = 	 min��∈�\��
{����, ���}	, 

d(.,.) is the Euclidean Distance, md is the smallest distancepossible. 

Step 3: In each feature view all the results are first clustered into three clusters and then they are 

mapped  

into three predefined rank levels ie., High, Medium and Low based on their relevance to the query. 

Step 4: All the ranked clusters, from different features are hierarchically fused using cross reference  

 strategy. 

Step 5: Two ranked cluster sets can be integrated into a unique ranked subset list using the rule:  

���������� ∩	����� �� > ���������� � ∩	�"#$� 
If(high+medium) < (medium+low) 

�����,����� � are the clusters of feature view A and����� � , �"#$ are the clusters of 

feature view B. 

Step 6: When (high +medium) = (medium + high), we use the Hausdorff distance as follows: 

	
���������� ∩	����� �� > ���������� � ∩	������, 

When ℎ�&', ����� ∩	����� �( < ℎ��', ����� � ∩ ������ 
where E is the query relevant set. 

Step 6: Thus a final result set is formed and accuracy is achieved on the top ranked results. 

III. FEATURE BASED RERANKING SCHEME 

3.1 Overview 

The overall framework of CR-Reranking is illustrated in Fig3, where the initial result list of videos is 

obtained according to text-based search scores. This initial result becomes the input for our proposed 

model. It is processed individually in two distinct feature views, i.e., feature view A and B. In each 

feature view clustering is performed. And we obtain three clusters in feature view A and feature view 

B. Then these clusters are ranked as High, Medium and Low, according to their relevance to the 

query. In the Fig3, we consider red as High ranked cluster, blue as Medium ranked cluster and finally 

yellow as Low ranked cluster. Finally, a unique and improved result set is formed by hierarchically 

combining all the ranked clusters from two different views. Note that only two features are considered 

here, however, the system can be easily extended to more features. 

 

 

Figure 3: Architecture of the proposed Cross Reference Reranking method 

3.2  Clustering in each Feature view 
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After extracting multiple features for each shot, we carry out clustering independently in these feature 

views. This provides a possibility for offering high accuracy on the top ranked documents. As a result, 

we can obtain a certain number of clusters from each feature view, which gives the way for 

implementing our cross reference strategy. An advanced Normalized Cuts (NCuts) clustering 

algorithm [8] is employed to cluster initial results. The experimental results show that NCuts 

clustering algorithm used in our scheme outperforms some other general clustering ones such as k-

means.  

3.3 Ranking within Cluster  

After getting different clusters from each feature view, the next step in our proposed method is to rank 

them in accordance with their relevance to the query given by user. Some query relevant shots should 

be selected in advance to convey the intent of the query. Our selecting approach is also inspired by 

PRF method[3]. Hence top ranked initial results are considered as informative shots. Ranking is done 

in ascending order according to the following distance:  

 

�����, �\��� = 	min*�∈�\*�{����, ���}	,                          (1) 

Here d(.,.) is the Euclidean distance and ai and ajare two different shots between which the Euclidean 

distance is calculated. The distance between relevant shots issmaller when compared to those 

distances between irrelevant shots or between relevant shots and irrelevant shots. Hence relevant shots 

are grouped together and irrelevant shots are scattered. Consider E as query relevant shot. ‘K’ shots 

with the smallest distances can be the most possible shots that convey the intent of the query.To 

measure the relevance between shot sets, we employ the modified Hausdorff distance [9], which is 

defined as follows: 

 

ℎ��', +� = �,���∈-{min.∈/{��,, 0�}}	,             (2) 

 

Here E is the query-relevant set and C can be a cluster or any shot set. Note that hd(E,C) is a directed 

Hausdorff distance from E to C. Following (2), we can assign corresponding ranks to the clusters in 

each feature view. Here we have considered three ranks for the clusters in each feature view. The 

three ranks are High, Medium and Low. 

3.4 Cross-Reference-Based Fusion Strategy 

The final goal of our proposed method is to get high accuracy on the top ranked documents, by using 

improved reranking on the initial results. Thereby in order to move in the direction of this goal, we 

hierarchically fuse all the clusters that are ranked in different feature views in the previous step. We 

are using cross reference method to fuse all the clusters of one feature view with the clusters of 

another feature view.  
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Figure 4: Proposed fusion Strategy. 

Above Fig4 illustrates the schematic diagram of our fusion method with three rank levels (ie., High, 

Medium, Low). Our fusion approach is composed of three main components as shown in Fig4: 

1. Combining the ranked clusters of one feature view with another using cross reference method. 

2. Ranking the subsets with the same rank level. 

3. Ranking the shots within the same subset. 

In our proposed method we have taken two feature views as Color Histogram (CHD) and Edge 

Histogram (EHD). Some informative frames from the video are taken and stored in database. The 

CHD and EHD values for the stored informative frames are calculated using any feature extracting 

tool. The values obtained are also stored in database along with the informative shots.  Note that the 

rank levels are denoted numerically in the following formulae for the convenience of expression. The 

rank levels High, Median, and Low in Fig. 4 are equivalent to the rank levels 1, 2, and 3, respectively. 

Here we assume that, a shot has got high rank if it is present in multiple high ranked clusters from 

different feature view simultaneously. Based on this assumption, we put forward a cross reference 

method to hierarchically combine all the ranked clusters. This gives a coarsely ranked subset list. Let 

{EHD1, EHD2,…., EHDN} be the set of ranked clusters from feature view EHD and {CHD1, 

CHD2,….,CHDN} be the set of ranked clusters from feature view CHD. Let Rank be the operation of 

measuring the rank level of a cluster or shot. In each ranked clusters the shots are arranged from high 

rank level to low rank level in ascending order of their subscripts, that is, Rank(EHDi) is greater than 

Rank(EHDi+1). Then two ranked cluster sets can be integrated into a unique and coarsely ranked 

subset list based on the following rule: 

�����'12� ∩	+12�	 > �����'12� 	∩ 	+123�, 

45�4 + 7� < �� + ��, 4, 7,�, � = 1,… . , ;,   (3) 

Where N is the number of clusters, and EHDi ∩ CHDjis the intersection of the shots EHDiand CHDj.  

The rank levels of subsets cannot be compared using merely the above criteria if (i + j) is equal to (m 

+ n), just like the intersections (A1 ∩B2) and (A2 ∩ B1). To deal with this issue, we employ the method 

used in the cluster ranking step to order those subsets, which can be formulized as follows: 

�����'12� ∩	+12�	 > �����'12� 	∩ 	+123�, 

45�4 + 7� = �� + ��, ℎ�&', '12� ∩ +12�( < ℎ��', '12� 	∩ 	+123�    (4) 

Here hd(.,.) is the Hausdorff distance which can be computed for any feature view. 
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Till now we have formed an ordered subset list. Although the ranks of shots in different subsets can 

be compared by the ranks of their corresponding subsets, we do not know which shot within the same 

subset is more relevant to the query. Hence, we need to find a method to order the shots within the 

same subset, i.e., ranking at the shot level. Here, the score or rank information of the initial ranking is 

used to order these shots. The ranking rule is defined as follows: 

���� > 	������3�, 45�<� > <3�,                           (5) 

Wheredm anddn denote shots m and n within the same subset, respectively, Sm and Sn correspond to the 

scores orranks of shots m and n, respectively. 

IV. RESULTS AND DISCUSSION 

4.1 Data Set and Evaluation Criteria 

We experimentally validate our reranking scheme on the NIST TRECVID’06 benchmark data set. 

The data set consists of approximately 343 hours of MPEG-1 broadcast news videos, which is divided 

into 169 hours of development videos and 174 hours of test videos. In all experiments, only the test 

data set is used for evaluation.  

In scenarios of video search, a shot is considered as the fundamental unit. Hence, feature extraction is 

based on shots. For each video shot, two features are extracted: Edge Histogram (EHD) and Color 

Histogram (CHD). For the performance evaluation, TRECVID suggests a number of criteria [10]. 

Three of them are employed in our evaluation, including precision at different depths of result list 

(Prec_D), noninterpolated average precision (AP), and mean average precision (MAP). We denote D 

as the depth where precision is computed. Let S be the total number of returned shots and Ri the 

number of true relevant shots in the top-i returned results. Then, these evaluation criteria can be 

defined as follows: 

=>,0?�@A� =
B
?
∑ D�
?
�EB                  (6) 

�=�F3� =
B
G
∑ �G�

�
. D��

H
�EB             (7) 

I�= = B
J
∑ �=�F3�J
3EB           (8)  

where Tn is the nth query topic, Fi= 1 if the ith shot is relevant to the query and 0 otherwise, Rstands 

for the total number of true relevant shots, and N denotes the number of query topics.  

Prec_D is utilized to assess the precision at different depths of the result list. AP shows the 

performance of a single query topic, which is sensitive to the entire ranking of documents. MAP 

summarizes the overall performance of a search system over all the query topics. Note that only the 

top-100 shots in the reranked result list are considered for computing both AP and MAP. 

4.2 Text-only Baseline 

The basic idea of text-based video search approach is to convert video retrieval into text document 

search. When a query text is given by users, the system returns a set of approximately relevant video 

shots by matching the text of the query with the text of the documents that are associated with the 

video shots. Using a fully automatic text-based video search engine, we can obtain an initial search 

list of 1,000 shots for each query topic. Reordering the initial list, our proposed reranking scheme 

leads to high accuracy on the top-ranked results. 

4.3 Number of Clusters 

In our case, the number of clusters is identical to the number of rank levels used in cluster ranking 

stage. Generally, varying cluster number should not have a significant impact on the reranking 

performance, as stated in [11]. However, the performance of proposed method is sensitive to the 

number of clusters due to the limitation of cluster ranking. As stated in Section 3.3, the clusters can 

only be coarsely ranked according to their similarity to a noisy query relevant shot set E. If the initial 

results are partitioned into too many clusters (or rank levels), the effect of noise will significantly 

violate the correctness of cluster ranking, which thereby deteriorates the reranking performance.  
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The experimental results are shown in Table 1. Asexpected, increasing the number of clusters leads to 

worse performance, and the search quality is even worse than the text-only baseline when the cluster 

number is greater than 15. In the following experiments, the number of clusters is fixed to 3 unless 

noted otherwise. 

Table 1. Comparison of Different Cluster Numbers 

 

4.4 Performance Analysis on all Query Topics 

In this section, we evaluate our proposed scheme on varied query topics. Fig. 5 illustrates the statistics 

on APs across 24 query topics used in TRECVID’06 evaluation. The results show that the proposed 

reranking scheme works well for named persons and named objects, such as “D. Cheney” and 

“Boats,” as the search quality on these topics can benefit from the TEXT feature used in our scheme. 

Moreover, our approach is also suitable for some query topics that are of distinctive visual properties, 

such as “soccer goalposts” and “scenes with snow.” 

 

Figure 5: Performance of the proposed reranking scheme and the text-only baseline across all the 24 query 

topics of TRECVID 2006. 

However, the search performance after reranking is even below the performance of text-only baseline 

for some topics with motion properties, like “leaving a vehicle.” The reason is that features used in 

our scheme lack the capability to capture motion properties in video. Hence, new research fruits in 

precise representation of shot will provide much more room for performance improvement. In 

addition, our proposed method also fails in some query topics with very few relevant shots within the 

top-30 results, such as “meeting” and “people with uniform.” It is because cluster ranking is based 

essentially on the relevant shots within the top-30 results. Incorrectly ranked clusters will deteriorate 

the reranking performance. 

V. CONCLUSION  

In this paper, we introduce a new reranking method called Cross-Reference Reranking. It combines 

the multiple features using cross reference strategy. First initial result set is obtained based on users 

query. Then clustering is performed on it by considering multiple features individually. Clusters thus 

obtained are mapped to predefined ranks, according to their relevance to the query. Cross-Reference 

strategy hierarchically fuses these ranked clusters from all feature spaces. Hence a unique and 

improved result set is obtained. The effectiveness of top ranked documents is improved as we have 
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considered multiple features. This improves the efficiency of video search engine and users can access 

the query relevant documents on the top ranked result set without searching the entire result set.  

VI. FUTURE WORK  

As analyzed previously, the proposed re ranking method is sensitive to the number of clusters due to 

the limitation of cluster ranking. In the future, it can be extended to develop a new method to 

adaptively choose cluster number for different feature views. In addition, new strategies can be 

investigated for selecting query-relevant shots, e.g., using pseudo negative samples to exclude 

irrelevant shots. 
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ABSTRACT 

 In this paper, a robust finite-horizon Kalman filter is designed for discrete time-varying uncertain systems, 

basically the problem of finite horizon robust Kalman filtering for uncertain discrete-time systems is studied. 

The system under consideration is subject to time-varying norm-bounded parameter uncertainty in both the 

state and output matrices. The problem addressed is the design of linear (lters having an error variance with an 

optimized guaranteed upper bound [1] for any allowed uncertainty. 

The Kalman Filter (KF) is a set of equations that provides an efficient recursive computational solution of the 

linear estimation problem.Basicaly it is a numerical method used to track a time-varying signal in the presence 

of noise.  In this paper we study the robust Kalman filtering problem for linear uncertain discrete time-delay 

systems. Developing KF algorithms for such systems is an important problem to obtain optimal state estimates 

by utilizing the information on uncertainties and time-delays. First, designing of KF for nominal discrete-time 

systems is studied. Considering the covariance of the error in the estimation the KF algorithm is derived which 

is further tested on the system under consideration is subject to time-varying norm-bounded parameter 

uncertainty in both the state and output matrices[6].  

                     KEYWORDS- Uncertain discrete-time systems, Linear discrete time system, Robust Kalman filtering (RKF), 

Kalman   filtering (KF), Kalman gain.

I. INTRODUCTION 

Filtering is desirable in many situations in engineering and embedded systems. A good filtering 

algorithm can remove the noise from electromagnetic signals while retaining the useful information. 
One of the fundamental problems in control and signal processing is the estimation of the state 

variables of a dynamic system through available noisy measurements. Basically the KF is an estimator 

which estimates the future state of a linear dynamic system from series of noisy measurement. It is the 

problem of estimating the instantaneous state of a linear system from a measurement of outputs that 

are linear combinations of the states but corrupted with Gaussian white noise [1]. It has come to be 

well recognized that the popular Kalman Filtering theory is very sensitive to system data and has poor 

performance robustness when a good system model is hard to obtain or the system drifts. Thus, the 

standard Kalman Filter may not be robust against modeling uncertainty and disturbances. This has 

motivated many studies on robust Kalman Filter design, which may probably yield a suboptimal 

solution with respect to the nominal system.  Our interest in this paper is to tackle the filtering 

problem for a class of discrete time-delay uncertain systems. Necessary and sufficient conditions for 

the design of such a robust filter with an optimized upper bound for the error variance were given[3]. 
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II. PROBLEM FORMULATION 
In this paper firstly we use Kalman Filter to estimate the state of a linear discrete system defined by 

equation-(3.1) & (3.2) and it is observed that KF works well for linear systems without considering 

the time-delay[2]. 

One of the problems with the Kalman filter is that they may not robust against modeling uncertainties. 

The Kalman filter algorithm is the optimal filter for a system without uncertainties. The performance 

of a KF may be significantly degraded if the actual system model does not match the model on which 

the KF was based. Hence a new filter is proposed which addresses the uncertainties in process and 

measurement noise covariance defined by equations(4.1) & (4.2) and gives better results than the 

standard Kalman filter. So in coming sections it has been shown that the KF is the most widely used 

filter for its better performance. It is a very simple and intuitive concept with good computational 

efficiency. But when uncertainty and time delay is included then the performance of KF may 

degraded, so RKF is considered which is robust against large parameter uncertainty and time delay. In 

coming sections a performance comparison between RKF and KF is obtained for linear discrete-time 

uncertain system [5]. 

III. KALMAN FILTERING FOR LINEAR DISCRETE TIME SYSTEM 

The Kalman filter (KF) is a tool that can estimate the variables of a wide range of processes. In 

mathematical terms we would say that a Kalman filter estimates the states of a linear system. The 

Kalman filter not only works well in practice, but it is theoretically attractive because it can be shown 

that of all possible filters, it is the one that minimizes the variance of the estimation error. The KF is 

an extremely effective and versatile procedure for combining noisy sensor outputs to estimate the 

state of the system with uncertain dynamics. When applied to a physical system, the observer or filter 

will be under the influence of two noise sources: (i) Process noise, (ii) Measurement noise [3]. 

In order to use a Kalman filter to remove noise from a signal, the process that we are measuring must 

be able to be described by a linear system. 

We use a KF to estimate the state
n

kx ∈ℜ  of a discrete time controlled system. A linear system is 

described by the following two equations: 

                       1 k k kx Ax Bw+ = +
                                                                                           (3.1)          

 

k k ky Cx v= +
                                                                                     (3.2)

 

Where, 
n

kx ∈ℜ  is the system state, 
m

ky ∈ℜ is the measured output, 
q

kw ∈ℜ  is the process noise,

p

kv ∈ ℜ  is the measurement noise[5]. 

The matrix n n
A

×∈ ℜ   is the dynamics matrix which relates the sate at time step k to the sate at time 

step 1k + . The matrix 1n
B

×∈ ℜ  called noise matrix. The matrix 
m m

C
×∈ ℜ   relates the state 

measurement ky . 

3.1 The Kalman Filter Design 

Suppose we have a linear discrete-time system given as equation (3.1) and (3.2), our objective is to 

design KF in the form of an equation (3.3), and determine a gain matrix which minimizes the mean 

square of the error ke . 

           1
ˆ ˆ

k f k f kx A x k y+ = +
                                                                                              (3.3) 

Note that the matrix &f fA K  both are time varying matrices to be determined in order that the 

estimation error ˆ
k k ke x x= −  is guaranteed to be smaller than a certain bound for all uncertainty 

matrices, i.e., the estimation error dynamics satisfies equation (2.4) [2] 

        

 
( )( )( )ˆ ˆ .

T

k k k k kx x x x SΕ − − ≤
                                                                                           (3.4)

 

The matrix 
l l

kS
×∈ℜ  in the Equation (3.4) is the covariance of estimation error.  
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Now, we find a solution to the Kalman filtering problem over finite horizon [ ]0, N  will be given 

using a Discrete Riccati Equation (DRE) approach. For the purpose, consider the augmented vector 

[3], 

       

2
ˆ

,
ˆ ˆ

k k k n
k

k k

x x e
k

x x
ξ

−   
= = ∈   
                                                                                           (3.5)

 

 

      

1 1 1
1

1 1

ˆ
.

ˆ ˆ

k k k
k

k k

x x e

x x
ξ + + +

+
+ +

−   
= =   
                                                                                           (3.6) 

Using Equation (3.5)-(3.6) we get, 

1
ˆ

k k k f k f k f k
e Ax Bw A x K Cx K v+

 = + − + +                                                                      (3.7)                                                                      

Where 
q

kw ∈ℜ  is the process noise,
p

kv ∈ ℜ  is the measurement noise. 

Further on solving equation (3.7) we get- 

 

( ) ( ) ( )1
ˆ ˆ ˆ

k f k f k f k k f k f k
e A K C x A K C x A K C x Bw A x K v+ = − − − + − + − −

                                                         (3.8) 

                                                                  

 
( )1ˆ ˆk f f k f k f kx A K C x K Ce K v+ = + + +

                                                                           (3.9) 

Using equation (3.8) and (3.9), we get the state space equation for the estimation error ke  as 

follows[8], 

1 1 ,k c k kA Gξ ξ η+ = +
                                                                                                            (3.10) 

Where, 

1, ,
ˆ

.
0

f f fk k
k k c

k k f f f

f

f

A K C A A K Ce w
A

x v K C A K C

B K
G

K

ξ η
− − −    

= = =      −      

− 
=  
    

The covariance matrix of kξ of the error system satisfying the bound [4], 

[ ], 0
T

k k k K Nξ ξ ξ  ≤ Σ ∀ ∈                                                                                          (3.11) 

after some algebraic manipulation we get 

1 1 1
T T

c k c kA A GWG +Σ + ≤ Σ
                                                                                         (3.12) 

where { },W diag W V= , equation (3.12) is called matrix inequality equation. 

Note that the optimal solution of Equation (3.12) should be of the following partitioned from [2]. 

( ) ( )
( ) ( )

11, 12,

21, 22,

ˆ 0

0ˆ ˆ ˆ

T T

k k k k k k k

k
T T

k k k kk k k k

ee e x S

P Sxe x x

 Ε Ε Σ Σ   
 Σ = = =   Σ Σ − Ε Ε                                                                  (3.13)                                                                                  

Since our main aim is to reduce covariance of estimation error 11,kΣ , using equation (3.11) & (3.13) 

we get, 
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( ) ]11,
0,T

k k k
e e k NΕ ≤ Σ ∀ ∈                                                                                         (3.14) 

The Af and Kalman gain Kf can be denoted as -  

f fA A k C= −
                                                                                                         (3.15)     

( ) 1T

f k
K AQ C R −=

                                                                                                       (3.16) 

Ultimately we have      
( ) ( )1

1

T
T T T T

k k k k
S AQ A AQ C R AQ C BWB−

+ = − +
                

 (3.17)
 

According to all these result we can say that, the filter (3.3) is a quadratic estimator with an upper 

bound of error covariance kS
 
.[4] 

IV. ROBUST KALMAN FILTERING FOR LINEAR DISCRETE-TIME UNCERTAIN 

SYSTEMS 

A Robust Kalman Filter (RKF) is a robust version of the KF but with necessary modification to 

account for the parameter uncertainty. The RKF usually yields a suboptimal solution with respect to 

the nominal system but it guarantees an upper bound to the filtering error covariance in spite of large 

parameter uncertainties. The standard KF approach does not address the issue of robustness against 

large parameter uncertainty in the linear process model. The performance of a KF may be 

significantly degraded if the system having uncertainty. 

In this chapter, we consider the problem of Robust Kalman Filtering for discrete-time systems with 

norm-bounded parameter uncertainty in both the state and output matrices [2]. 

4.1 Facts  

(4.1.1)For any real matrices 1 2,Σ Σ
 and 3Σ

 with appropriate dimension and 3 3

T
IΣ Σ ≤

, it follows that, 
1

1 2 3 2 3 1 1 1 2 2

T T T T Tα −Σ Σ Σ + Σ Σ Σ ≤ Σ Σ + Σ Σ
.[1] 

 

(4.1.2) Let 1 2,Σ Σ  and 3Σ  and 0 T
R R< =  be real constant matrices of compatible dimensions and 

( )H t  be a real matrix function satisfying ( ) ( )T
H t H t I≤ . Then for any 0µ >  satisfying 

2 2

T
RµΣ Σ < , the following matrix inequality holds, 

( )( ) ( )( ) ( )1 1

3 1 2 3 2 1 1 1 3 2 2 3

T T T T T TH t R H t Rµ µ− −Σ +Σ Σ Σ +Σ Σ ≤ ΣΣ +Σ − Σ Σ Σ
.[1] 

4.2  The Robust Kalman Filter Design for discrete - time uncertain system 

We use a RKF to estimate the state
n

k
x ∈ℜ  of a discrete time uncertain controlled system. The 

system is described by a linear stochastic difference equation as[3], 

( )1k k k kx A A x Bw+ = + ∆ +
                                                                                               (4.1) 

( )k k ky C C x v= + ∆ +
                                                                                                        (4.2) 

In the following kv  and kw will be regarded as zero mean, uncorrelated white noise sequence with 

covariance kR and kQ . 

( )0 ,k kv N R=
                                                                                                        (4.3) 
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( )0 ,k kw N Q=
                                                                                                         (4.4) 

In order to obtain good results from RKF we are assumed the uncertainty matrix in the following 

structure [2]. 

1

2

k

k

k

A H
F E

C H

∆   
=   ∆                                                                                                        (4.5) 

where, 
I J

KF
×∈ℜ is an unknown real time varying matrix and 1H , 2H and E are known real constant 

matrices of appropriate dimensions that specify how the elements of A  and C  are affected by 

uncertainty in kF . 

Our objective is to design KF in the form of an Equation (4.6), and determine a gain matrix which 

minimize the mean square of the error ke
[10]

, 

( )1ˆ ˆ ˆk f k f k ek kx A x K y C C x+  = + − + ∆                                                                             (4.6) 

( )T T

ek k k k
A AS E I ES E Eε ε∆ = −

                                                                                       (4.7) 

( )T T

ek k k k
C CS E I ES E Eε ε∆ = −

                                                                                      (4.8) 

 
( )( )

1

1 2

T T T

f k k k k
K AQ C H H CQ C Rεε

−

= + +
                                                                        (4.9) 

the estimation error ˆ
k k ke x x= −  dynamics must satisfies equation (4.10),  

( )( )( )ˆ ˆ
T

k k k k kx x x x SΕ − − ≤
                                                                                            (4.10) 

The matrix 
l l

kS
×∈ℜ  in the equation (4.10) is the covariance of estimation error. On further 

simplifying we get, 

 
( ) ( ){ }1

ˆ
k k k k f k f k k k

e A A x Bw A x K C C x v+ = +∆ + − + +∆ +                                                                            (4.11) 

( )1ˆ ˆ ˆk f k k f k k f k k f k k f kx K Ce A K C x K Ce K Cx K v+ = + − + ∆ + ∆ +
                                                                     (4.12) 

using equation (4.11) & (4.12)  we get the state space equation for the estimation error ke as, 

where,

 

[ ]

1
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1 1
2

, ,
ˆ
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f f fk k
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k k f f f

f f
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K H K

ξ η
− − −    

= = =      −      
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= = =   
        

 The covariance matrix of kξ of the error system satisfying the bound, 

1 1 1
T

k k kξ ξ ξ+ + +
  ≤ Σ                      OR 

( ){ } ( ){ }1 1 1 1 1 1 1

T

c c k c k c c k c k kA H F E G A H F E Gξ η ξ η +
 Ε + + + + ≤Σ
                                                          (4.13)                                                    

Our main aim is to reduce covariance of estimation error i.e Sk           

 ( ) ]11, 0,T

k k k
e e k NΕ ≤ Σ ∀ ∈                                                                                                 (4.14)
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Now we are going to select the optimal value of fA  and Kf  to minimize ( )11,ktr Σ , [ ]0,k N∀ ∈ , 

( ) ( ) ( )
1

1
1 1 1

11,

T T T

f f k k k k k kA A KC I PEM E EM E I PEM E
−−

− − − = − + −Σ × +
  

% % %

                                                  (4.15)                                       

( )( )
1

1 2

T T T

f k k k kK AQ C H H CQ C Rεε
−

= + +
                                                                          (4.16) 

Using above equations we get, 

( )

( ) ( )
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11, 1 1 1 1 2
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                                            (4.18) 

According to all these result we can say that, the filter (4.6) is a quadratic estimator with an upper 

bound of error covariance kS .[5] 

V. EXPERIMENTAL RESULTS & SIMULATIONS 

5.1 Simulation Result of Kalman Filter (KF)     

Consider the following uncertain discrete time system[3],                     

[ ]

1

0 0.5 0 0 6

1 1 0 1

100 10

k k k

k k k

x x w

y x v

δ+

 −  −     
= + +      

      

= − +
 

Where δ is an uncertain parameter satisfying 0.3δ ≤ . Note that the above system is of the form of 

system (4.1)-(4.2) with[3], 

[ ]1 2

0
, 0, 0 0.03

10

1 0
, 1

0 1

H H E

P S W V

 
= = = 
 

 
= = = = 

   

Now applying Kalman Filter for the above system ,the simulation results are as follows: 
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FIGURE 1: No. of Iteration vs. Eigen Values of Covariance Matrix with KF 

5.2 Simulation Result of Robust Kalman Filter (RKF)      

Applying Robust Kalman Filter for the same uncertain discrete time system as described in section 

5.1, the simulation [12] results are as follows: 

 

FIGURE 2: No. of Iteration vs. Eigen Values of Covariance Matrix with RKF 

VI. CONCLUSION 

In this paper, a formulation has been presented for the effective design of RKF for linear discrete-time 

uncertain system. Necessary and sufficient conditions for the design of robust quadratic filters are 

obtained. We have also analyzed that when the system has uncertainty, the RKF gives better 

performance as compare to KF. Results are illustrated by a numerical example. 

Fig. 1 shows the graph between no. of iteration and Eigen values of covariance matrix, here when δ
=0, the KF performance is better but, when δ =0.3, the KF performance is degraded. By increasing 

the uncertain parameter some spikes are included in system and it is difficult to KF to estimate the 

states. 

Fig. 2 shows the performance of RKF it illustrate the graph between no. of iteration and Eigen values 

of covariance matrix, when δ =0.3. From the above said figures we can see that estimating the states 

with RKF is better than KF because the Eigen value of covariance matrix settles at 200 for δ =0 and 

gives poor performance in case of δ =0.3 but when RKF is considered for a system with δ =0.3 it 

gives better result than KF, as its eigen values settles at much lower level than of KF. 

In this paper, we have given a solution to the problem of finite horizon robust Kalman filtering for 

uncertain discrete-time systems. We have also analyzed the feasibility and convergence properties of 

such robust filters. Results are illustrated by a numerical example. 
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ABSTRACT 
 

An educational complex consumes electricity for the purposes of lighting, air conditioning and computer loads. 

To practice energy conservation in such a building enclosure warrants, switch off policies, which has limited 

results. A probable energy saving and demand reduction opportunity in lighting load in a typical institution 

campus was found out. An experiment was conducted in a residential educational complex. The interventions 

considered were fluorescent lamp with magnetic ballast, with electronic ballast and with a power factor 

improvement capacitor, in addition to the magnetic ballast. Experiments have shown that, fluorescent lamps 

emit almost same quantity of luminous flux (lumens) with all of these configurations. The salient results of the 

study reveal that energy demand can be reduced by about 40%, with a very short payback period for the said 

interventions.  

KEYWORDS: Demand Reduction, Power Factor Improvement, Magnetic Ballast, Electronic Ballast, 

Harmonic Distortion. 

I. INTRODUCTION 

The gap between supply and demand of energy is continuously increasing despite huge outlay for 

energy sector since independence. Further, the burning of fossil fuel is resulting in greenhouse gases, 

which are detrimental to the environment. The all India annual requirement of electricity during year 

2010-11 was 861,591 Million Units (MUs) and availability was 788,355 MUs, resulting in shortage of 

73,236 MUs (8.5%). During year 2011-12 the all India annual requirement was 933,741 MUs and the 

availability was 837,374 MUs, resulting in shortage of 96,367 MUs (10.3%). The all India annual 

peak requirement during 2010-11 was 122,287 MW and availability was 110,256 MW, resulting in 

shortage of 12031 MW (9.8%). During year 2011-12 the all India annual peak requirement was 

136,193 MW and availability was 118,676 MW, resulting in a shortage of 17,517 MW (12.9%) [1]. 

The conservation of energy is important, as it can reduce peak and average demand. Investment in 

energy efficiency/energy conservation is highly cost effective, can be achieved in less than Rs.10 

Million/MW and it also avoids investment in fuel, mining, transportation etc. The Government has 

taken many steps to save energy [2].  

Lighting industry in India is seven decades old and has gone through a period of transition and 

growth. The share of lighting load in the total connected load of India is about 100000 MW (17 %) in 

year 2010 [3]. Since, the share of lighting load is significant, there is an urgent need to take care of 

this. There are many ways available for the conservation of energy like switch off lights when not 

required, use automatic devices, infrared sensors, motion sensors, timers, dimmers, use task lighting 

as far as possible, regular dusting of the light sources, replacing ordinary bulbs with efficient one, de-

lamping, day light harvesting, using light colors for wall painting, selecting ballasts with higher power 

factor and long term efficiency in mind, etc [4].  

Lighting is a very important part of every business. The lighting load of the business, accounts for 

20% to 50% of total electricity consumption. This means that a realistic cost savings can be achieved 
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with energy-efficiency improvements, and because of continually improving equipment, lighting 

provides the highest return-on-investment. The technologies available are incandescent lighting, 

compact fluorescent lighting, improved halogen system, fluorescent lighting, high-intensity discharge 

lighting, quality of fixtures, day lighting, light emitting diode lighting and induction or electrode less 

fluorescent lighting. The controls available for these systems are bi-level switching, dimmers, 

occupancy sensors, and daylight sensors. Few steps for efficient lighting technology are replacing T8 

fluorescent lamps with T12 lamps, replacing incandescent lamps with compact fluorescent lamps, 

installing fluorescent lighting systems in place of incandescent lighting systems, installing metal 

halide / high-pressure sodium vapor lamps in place of mercury vapor lamps [5]. 

Compact fluorescent lamps (CFL) have come up as a strong alternative of incandescent lamps due to 

their quality of lower power consumption and longer life. However, CFL produces distorted currents 

with THD>100% and low power factor 0.47-0.67, resulting in excessive utility losses [6]. 

Experimental results have shown that, operational costs of LED lamps are many times smaller than 

other types of lighting sources. However, LEDs, CFLs and fluorescent lamps worsen power quality of 

low voltage networks due to high current harmonic distortions (THD) and lower power factor [7]. 

There is a common misunderstanding, that energy saving is always equivalent to environmental 

protection. Compared with magnetic ballasts, electronic ballasts have a much shorter lifetime and are 

not recyclable. This brings new concerns about their environmental impacts due to the addition of a 

huge amount of toxic and/or non-biodegradable electronic waste components and materials [8]. 

The objective of the paper is to find out the probable energy savings and demand reduction in lighting 

load in a typical institution campus. An experimental study was carried out at Tolani Maritime 

Institute (TMI), Indori, Pune, India. The campus of TMI is spread over an area of over 100 acres of 

land. The connected load of the campus is 1193 kW and the contract demand is 750 kVA.  The 

lighting load of the campus is about 35 % (the potential of saving energy in lighting is about 15 %). 

For this a comparative study of fluorescent lamps with different configurations of ballasts was carried 

out. We compared the results and concluded that the fluorescent lamps with magnetic ballasts are to 

be used with power factor correction capacitor.  

The paper discusses rationale of said study methodology, results and their discussions. The 

probable energy saving and demand reduction is also discussed. 

II. METHODOLOGY 

Tolani Maritime Institute is located at Pune, in the state of Maharashtra of India. It offers Marine 

Engineering and Nautical Technology degree programs. The campus of the institution is spread over 

an area of over 100 acres.  

The engineering systems of the campus are a 0.8 MW coal fired power plant, modern vapor 

absorption chiller, water treatment plant and effluent treatment plant. 

The academic facilities includes air conditioned classrooms (50), workshops (2), laboratories (20), a 

library (7,000 sq. ft.), an auditorium (300 seated), a functional ship-in-campus, simulators and faculty 

offices for over 100 faculties. 

The residential facilities include 3 hostels accommodating over 1500 students, town styled apartments 

over 125 for families of faculty and an executive residence for the persons enrolled in advanced 

courses. 

In addition to these, different sports facilities, 24X7 medical facilities, canteens, shopping complex 

and a laundry. 

The TMI campus is a High Tension (HT) Consumer and is fed by a 22 kV line from Maharashtra 

State Electricity Distribution Company Limited (MAHADISCOM). It has connected and sanctioned 

load of 1193 kW, the contract and the sanctioned demand of 750 kVA, and the average of monthly 

units consumption is 172000. The details of the sub-station are number of incoming feeder/s 1, the 

outdoor plinth mounted type, 1000 kVA, 22 / 0.415 kV, Delta/Star connected. The campus has a 

backup supply of two diesel generator sets of 500 kVA each. 

The various types of loads are lighting, air conditioning, computer and uninterrupted power supply 

load and 3 phase motor load. The contribution of these loads is as shown below (fig. 1). 
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Fig. 1 % Share of different types of loads. 

 
Since the second highest contribution of the total load is shared by lighting, it prompts us to think for 

the energy conservation opportunities in this area. 

For this purpose an experiment was carried out, to compare the performance of a 36W, 230Volt, 

fluorescent lamp operating with different configurations of ballast. The different configurations 

studied were, lamp with only magnetic ballast, with electronic ballast and with a capacitor for power 

factor improvement in addition to magnetic ballast. The test of these three combinations was carried 

out in a residential room after complete sun set. All these lamp sets were used for 15 minutes and the 

performance was monitored using the load analyzer Yokogawa CW240 Clamp-On Power Meter [9].  

The figure 2 (a) shows a 36W, 230V, fluorescent lamp with magnetic ballast only. The magnetic 

ballasts are free of harmonic, have long life, can be recycled and are environment friendly. Because of 

these properties the magnetic ballast was considered for the test.  

The figure 2 (b) shows the same fluorescent lamp with electronic ballast. The electronic ballasts 

operate with an improved power factor, their demand (VA) is less, they draw less current, their I
2
R 

losses are less, they start instantly and they operate even at lower voltages. Because of these 

properties electronic ballast was considered for the test.  

The figure 2 (c) shows the fluorescent lamp with a capacitor for power factor improvement in addition 

to magnetic ballast. A fluorescent lamp with this arrangement improves the operating power factor, 

their demand (VA) reduces, draw less current, hence the reduced I
2
R losses. Because of these 

properties this arrangement was considered for the test.  
 

    
 

 

(a)                                                    (b)                                                   (c) 

Fig. 2 Fluorescent lamp with different configurations of ballasts. 

III. RESULTS AND DISCUSSIONS 

After conducting the above said tests, different parameters were studied and compared. The details of 

the study is as under, 

 

3.1 The active power 
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The following graph shows the active power of all the three combinations. 
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Fig. 3 Active power of a fluorescent lamp with different configurations of ballasts. 

 
The active power consumed by a fluorescent lamp with first and third configuration, is 50W. That is 

36W for lamp and 14W for the ballast. The power consumed by a fluorescent lamp with second 

configuration is 40W. That is the power is consumed only by the fluorescent lamp. From this we can 

conclude that the fluorescent lamp with electronic ballast is efficient. 
 

3.2 The reactive power 
 

The following graph shows the reactive power of all the three combinations. 
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Fig. 4 Reactive power of a fluorescent lamp with different configurations of ballasts. 
 

The reactive power consumed by a fluorescent lamp with first configuration is 80VAr, whereas, it is 

zero by a fluorescent lamp with both the second and third configuration. That is the second and third 

configurations are good. 
 

3.3 The apparent power 
 

The following graph shows the reactive power of all the three combinations. 
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Fig. 5 Apparent power of a fluorescent lamp with different configurations of ballasts. 

 
The apparent power drawn by a fluorescent lamp with first, second and third configuration is 100W, 

50W and 40W respectively. The apparent power drawn is twice of the useful power in case of 

magnetic ballast. This puts an unwanted additional burden on the supplier to have additional capacity. 

The apparent power for second and third configuration is exactly the same as of their active power, 

which is a good characteristic. It shows that the second and third configurations are good. 

 

3.4 The power factor 
 

The following graph shows the power factor of the fluorescent lamp with all the configurations. 

Power Factorr

0

0.2

0.4

0.6

0.8

1

0
.0

2
.0

4
.0

6
.0

8
.0

1
0

.0

1
2

.0

1
4

.0

1
5

.0

Time in Minutes

P
o

w
e

r 
F

a
c
to

rr

Magnetic Electronic Magnetic+Capacitor

 
 

Fig. 6 Power Factor of a fluorescent lamp with different configurations of ballasts. 

 
The power factor of a fluorescent lamp with first configuration is 0.5. It is very poor and is not a good 

sign, which needs to be improved. However, it is very much close to unity by second and third 

configuration. It shows that second and third configurations are good. 

 

3.5 The percentage total harmonic distortion in current (%THDi) 
 

The following graph shows the percentage total harmonic distortion in current of the fluorescent lamp 

with all the configurations. 
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Fig. 7 % THD of a fluorescent lamp with different configurations of ballasts. 

 
The harmonic distortion of the fluorescent lamp with first and third configuration is absolutely zero, 

this is very good characteristic. But with second configuration the current distorting harmonics are 

present. From this we can conclude that the fluorescent lamp with first and third configuration are 

good.  

The observations of this study are as tabulated under, 
 

Table 1 Comparative result of the test 
 

Sr. No. Parameters Magnetic Ballast Electronics Ballast Magnetic Ballast + P.F. 

Capacitor 

1. Current drawn 0.39 A 0.25 A 0.22 A 

2. Active Power  50 W 40 W 50 W 

3. Reactive power 80 VAr 0 VAr 0 VAr 

4. Apparent Power 100 VA 40 VA 50 VA 

5. Average Power Factor 0.52 0.95 0.96 

6. Harmonic content Absent Present Absent 

 

The following data shows some facts, if we start using the third configuration at the TMI 

campus. 

The total number of fluorescent lamps in campus is    3378.  

Total Current drawn (0.39A/lamp) is      1317.42 A  

The total current with a capacitor of 5µF (0.22A/lamp) is   743.16 A 

Total reduction in current would be      574.26 A 

This will result in reduction in I
2
R losses. 

Additionally, as there is reduction in demand by 40%, there will be a reduction in monthly 

demand charges. 

In a magnetic ballast, apart from its advantages there are some disadvantages also, like they 

have a very poor power factor, the demand (VA) is more, draws more current, hence more 

I
2
R losses, does not operates at lower voltages, humming noise and are flicker start. 

In electronic ballast, apart from its advantages there are some disadvantages also like 

presence of harmonic contents, they are costlier, they have short life and are not environment 

friendly. 

In addition to the advantages of magnetic ballast, the third configuration has few more 

advantages and has no additional disadvantages.  
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Lagging PF loads are a trouble. Utilities often try to maintain system PF from 0.85 to 0.95. 

Low PF loads require utility increasing apparent power to be able to supply small real power 

loads. Term PF reflects efficiency of an electrical power distribution system. Loads that cause 

poor power factor include induction motors, arc furnaces, machining, stamping, welding, 

variable speed drives, computers, servers, TV, fluorescent tubes, compact fluorescent lamps. 

Utility charges industries for poor factor but exempts houses and offices. Facility can reduce 

electricity costs, increasing kW capacity from the same kVA transformer, improve voltage 

regulation, reduce cables, transformers and switch gear sizes by improving power factor.  

A customer with 100 kVA load can light seven hundred 100W bulbs at 0.7 PF and nine 

hundred 100W lamps at 0.9 PF. A customer using 100 kW load at 0.7 PF needs 142 kVA 

apparent power (wasting 100 kVAr reactive power) but the same load would require only 125 

kVA capacity (wasting 75 kVAr) at 0.8 PF.  

Total harmonic distortion (THD) IEEE Std.519 (1992) recommends keeping voltage THD 

5% and current THD 32% in utility power distribution network <69 kV [11]. ANSI C82.77 

(2002) recommends all commercial indoor hard wired ballasts >28W maintain 0.90 PF with 

maximum 32% current THD [12]. Current THD and PF are two different phenomena coming 

from entirely different situations. One of the impacts of current THD is to increase magnitude 

of RMS current that (I
2
R) increases power system losses. Distortion factor lowers overall 

power factor. Reducing harmonics or improving power factor reinforces each other but PF 

cannot be unity in the presence of harmonics. As the PF reflects overall losses, therefore, 

harmonics contribute to power loss. Harmonics affect displacement factor so the total kVA 

demand increases.  

IV. CONCLUSION 

Thus, we can conclude that introducing an appropriate capacitor in the existing fluorescent 

sets with magnetic ballast is extremely useful. This change will not result in any reduction of 

the power consumption, but will definitely help in reducing the demand. The results have 

shown a reduction in demand by 40%. As there is reduction in demand, the demand charges 

will also be reduced. Additionally, as the current is reduced by about 50%, the I
2
R losses will 

also reduce by 75%.  

The fluorescent lamp sets with magnetic ballasts are available in market are of both types, i.e. 

with and without capacitor. It is observed that, the fluorescent lamp sets, with capacitors are 

used only in industries and without capacitor are used at residential loads. The Central or 

State Regulatory Commission (REC) must make it mandatory for all manufacturers of 

fluorescent lamp set, to provide a power factor improvement capacitor with every set they 

produce. 

Further the fluorescent lamp with magnetic ballast and power factor improving capacitor can 

be compared with CFLs, LEDs, ELFLs, incandescent bulbs, photovoltaic and fiber optic 

lighting system. 
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ABSTRACT 

It’s true that many older people do have arthritis, but it's not just a disease of the old. Something can be done to 

manage most forms of arthritis, but it's very important that a correct diagnosis is established early. The 

development of decision support systems required for medical field that uses artificial neural networks appears 

to be a most promising method for predicting diagnosis. The work deals with the construction of a Back 

propagation Neural Network (BPNN) for Diagnosis of Orthopaedic Disease based on patients’ symptoms. It 

becomes quite difficult for a novice medical general practioner to distinguish between various arthritides. The 

proposed work is capable of diagnosing and classifying selected Orthopaedic disease. As a case study the work 

has been focused on Osteoarthritis disease. The work will serve as a knowledge base for a Medical General 

Practitioner for medical diagnosis, providing assistance for effective and fast treatment.  

KEYWORDS: Back propagation Neural Network (BPNN), Arthritides, Orthopaedic Disease, Medical General 

Practioner, Osteoarthritis(OA) 

I. INTRODUCTION 

The use of decision support system as a mean of conducting medical diagnosis and recommending 

successful treatments has been a highly active research field in the past few years development of 

medical DSS that uses artificial neural networks (ANN) as knowledge base appears to be a promising 

method for diagnosis and possible treatment routines. One of the major applications of medical 

informatics has been the implementation and use of DSS to predict medical diagnoses based upon a 

set of symptoms.  

Furthermore, such DSS serve as an aid to medical professionals in recommending effective laboratory 

tests and treatments of diseases. An intelligent computer program assisting medical diagnosis could 

provide easy access to a wealth of information from past patient data. Such a resource may help 

hospitals reduce excessive costs from unnecessary laboratory test and ineffective patient treatment, 

while maintaining high quality of medical care. In Klerfors
1
 argued that, so far these expert systems 

only served as aids to the physician and are not 100% reliable. Current expert systems do not provide 

enough value to the physician to justify their large-scale implementation. One major drawback of 

conventional medical expert systems is the use of static knowledge base developed from a limited 

number of cases and a limited population size. The knowledge base inherits from Case Based 

Database. The knowledge base is inherently not dynamic and is not routinely updated to keep up with 

emerging trends such as the appearance or increased prevalence of unforeseen diagnoses. The result is 

that, after a given period of time this inflexibility limits the use of the knowledge base as it no longer 

reflects the current characteristics of the population at risk. Given these points, the development of a 

knowledge base using artificial neural network technology naturally lends itself towards the task of 
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predicting medical diagnosis. It offers flexible and quick means of designing dynamic DSS that 

consider different decision variables in their predictive routines. With its dynamic nature and on-line 

learning capability, a neural network knowledge base can also be updated with more recent patient 

data. Thus, once an initial knowledge base has been set up, it can never become obsolete with time. In 

this way, the system can effectively capture new knowledge trends in a given population while 

retaining its previous knowledge.  

One of the most important problems of medical diagnosis, in general, is the subjectivity of the 

specialist. Human being always makes mistakes and because of his limitation, errors do occur during 

diagnosis. They have to solve the problem of deducing certain diseases or formulating a treatment 

based on more or less specified observations and past experience. Principally, humans can recognize 

patterns or objects very easily but fail when probabilities have to be assigned to observations. 

According to the survey conducted in 2002, 78% Fresh Doctors cannot make an accurate 

classification in case of Orthopedic Diseases. The study shown that human being has many limitations 

in diagnosis. In this paper, we have presented a design for diagnosing Orthopaedic diseases using a 

technique of artificial neural network. The paper is organized as follows : section 2 briefly reviews 

some prior work in Medical diagnosis using soft computing techniques. Section 3 gives a short 

introduction about Artificial Neural Network. Section 4 briefs about the targeted disease. Section 5 

discusses about diagnostic process and structure of ANN used for proposed work. Actual working of 

ANN as osteoarthritis disease classifier is stated in Section 6.The experimental results are shown in 

section 7. Section 8 concludes the paper. 

II. LITERATURE REVIEW 

Gernot Kolarz and Klaus-Peter Adlassnig [2] have developed a Medical Expert System CADIAG-1 

and CADIAG-2 for Rheumatology, they got success up to 80%. They have tested the given Medical 

Expert System with the data of 322 real patients. In this work data of patient is collected from 

Rhumatology Hospital, it contains 500 to 700 symptoms, which is difficult to incorporate in the Exert 

System.  S. M. Kamruzzaman et al [3] have proposed modified feed forward neural network 

constructive algorithm (MFNNCA) for the diagnosis of Cancer, Heart and Diabetic Diseases. The 

author has given a good comparative study for the performance of their proposed algorithm with the 

work of other Researcher. The work has been reported on Osteoarthritis in the paper [4] by Suvarna 

Patil et al where Fuzzy Set theory has been used for the Diagnosis of Osteoarthritis. It was a first 

attempt where fuzzy set was applied for the disease Osteoarthritis. The author has given list of 24 

symptoms for the diagnosis of Osteoarthritis. Whereas the actual work reported considers two factors 

i.e. Age and Weight of the patient. Recently similar kind of work has been reported by T.F. Blessia et 

al [5] for the data of 30 patients. The author has used fuzzy logic for the diagnosis and finding the 

severity of Osteoarthritis. The author claims that the system is accurate but it is not stated in 

quantitative terms.   A neural network application for the Medical Field is explained in [6][7][8].  

Other medical related work with Case Base and soft computing approach is also done 

[9][10][11][12][13]. 

III. ARTIFICIAL NEURAL NETWORK 

An artificial neural network is a system based on the operation of biological neural networks, in other 

words, is an emulation of biological neural system. A multi-layer perceptron consists of several 

single-layer perceptrons, which are arranged in some hierarchy. A network with no hidden layers, the 

perceptron can only perform linearly separable tasks. This scheme results in the separation of points 

into regions that are not linearly separable. 

The use of an artificial neural network has following advantages 

• A neural network can perform tasks that cannot be performed by linear program.  

• When an element of the neural network fails, it can continue without any problem by their 

parallel nature.  

• A neural network learns and does not need to be reprogrammed.  

• It can be implemented in any application.  
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However it suffers from two Disadvantages. First the neural network needs training to operate and 

secondly it requires high processing time for large neural networks.  

Externally the Artificial neural network can differ in following terms 

• Network Architecture 

• Training Algorithm 

• Activation Function 

3.1 Working of Back propagation 

A neural network is configured such that for set of inputs the model produces the desired set of 

outputs. Model uses supervised learning method. The errors are back-propagated from the units of the 

output layer to input layer units. Back propagation is commonly applied to feed forward multilayer 

networks.  

When a learning pattern is clamped, the activation values are propagated to the output units, and the 

actual network output is compared with the desired output values, we usually end up with an error in 

each of the output units. 

The error signal at the output of neuron j at iteration n is defined by (Haykin 2004)  

( ) ( ) ( ),j j je n d n y n= −          (1.1) 

Neuron j is an output node     

The instantaneous value ( )nξ  of the total error energy can be obtained over all neurons in the output 

layer by: 

21
( ) ( )

2
j

j C

n e nξ
∈

= ∑         (1.2) 

where C includes all the neurons in the output layer of the network. 

IV. OSTEOARTHRITIS DISEASE 

Osteoarthritis (OA) is the most common type of Arthritis. OA (also referred to as degenerative joint 

disease or wear-and-tear arthritis) is caused by the breakdown of joint cartilage. Cartilage acts as a 

cushion between the bones that form a joint. Cartilage loss can cause bone to rub on bone in a joint - a 

condition that is very painful.  

 
Fig.1 Structure of a Bone 

  

The given figure 1 depicts the structure of joint before OA and after the OA. There are more than 200 

joints exists in a human body connecting the bones. Usually osteoarthritis begins in a single joint. OA 

is a slowly progressive joint disease typically seen in middle-age to elderly people. OA symptoms 

include joint pain, stiffness, knobby swelling, cracking noises with joint movements and decreased 

function. It typically affects the joints of the hands and spine and weight-bearing joints such as the 

hips and knees.  

4.1 Causes 

Osteoarthritis is mostly a consequence of aging. Water content of cartilage increases while protein 

composition of cartilage degenerates. Other factors that may increase the risk of developing 

osteoarthritis include: 
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• Joint Injury  

• Repetitive use or stress of joints 

• Being overweight 

• Family history/genetics 

 

4.2 Symptoms 

Osteoarthritis primarily affects the joints. The most common symptom associated with osteoarthritis is 

pain in the affected joint after repetitive use or activity. Morning stiffness lasts a half hour or less. 

Joint pain is often worse later in the day. The affected joint can also swell, feel warm, and become 

stiff after prolonged inactivity. Bone spurs, bony enlargements and limited range of motion are also 

characteristics of osteoarthritis. 

V. DIAGNOSTIC PROCESS OF DISEASE AND DESIGN OF ARTIFICIAL NEURAL 

NETWORK  

There can different kind of Ortho diseases that may reside or originate inside the human body. This 

section discusses the diagnostic process for Osteoarthritis. It also discusses the design of an artificial 

neural network which can help for diagnosis Osteoarthritis. 

5.1. Diagnostic Process for Osteoarthritis 

In the diagnosis of arthritis there lies a similarity in the symptoms presented by the patient. In case of 

some diseases like Osteoarthritis and Rhumatoid Arthritis more similarities lies in diagnostic process. 

X-rays of affected joints can show joint damage associated with osteoarthritis or rheumatoid arthritis.  

Blood tests cannot definitively diagnose osteoarthritis, but may be used to rule out other conditions, 

including rheumatoid arthritis. Test results, a physical examination, and the patient's medical history 

together can help determine a diagnosis. For a General Practitioner it found to be difficult to diagnose 

or classify the exact disease.  

The human expert performs the diagnosis of Ortho (Orthopaedic) diseases by collecting patient 

symptoms and complaints. The symptoms are subjected to the knowledge already possessed by the 

human expert (knowledge base-experience). If there is a match, the doctor recommends the disease as 

a some possible Ortho disease. In some cases, the human expert may subject the patient to further 

laboratory tests in order to ascertain the disease.  Sometimes the test could serve as a confirmatory 

test. When the human expert is inexperienced or has not come across such symptoms and complaints, 

he uses trial and error to diagnose. This is done by the combination of all the possible conditions, 

comparing them with known conditions and narrowing the judgment. During this process, learning is 

said to have taken place if the patient condition is properly diagnosed and treated. Thus, the human 

expert depends largely on his experience and the patient complaint interpretation. Figure 2 explores 

steps in Diagnosis when done by a Doctor. 

 

 

 

      

      
Fig.2. Steps involved in Disease Diagnosis 

 

5.2. Neural Network Structure for Ortho Disease Diagnostic 

The design and architecture of ANN selected for the diagnosis of Ortho diseases is based on the feed - 

forward network shown in the Fig. 3. This means that the artificial neurons are organized in layers, 

and send their signals “forward”, (i.e., from input to output) and then the errors are propagated 

backwards. 

 

Analyze the Case with 

Previous Knowledge Base 

Take a History from 

Patient 

 

Final Diagnosis of Disease 
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Fig.3. Design of Neural Network 

 

The network receives symptoms (S1 to S11) as input by neurons in the input layer, and the output of 

the network is given by the neurons on an output layer. There may be one or more intermediate 

hidden layers. The back propagation algorithm uses supervised learning, which means that we provide 

the algorithm with examples of the inputs and outputs we want the network to compute, and then the 

error (difference between actual and expected results) is calculated. The idea is to reduce this error, 

until the ANN learns the training data. The training begins with random weights, and the goal is to 

adjust them so that the error will be minimal.  

Back propagation is the learning rule in which weights and biases are adjusted by error-derivative 

(delta) vectors back propagated through the network. Sometimes this rule is called the generalized 

delta rule. The correction ( )jiw n∆ applied to ( )jiw n is defined by the delta rule (From Eq. 1.1 and 

1.2): 

( )
( )

( )
ji

ji

n
w n

w n

ξ
η

∂
= −

∂
�         (1.3)  

where η  is the learning rate parameter of the back propagation algorithm. 

VI. WORKING OF OSTEOARTHRITIS DISEASE CLASSIFIER 

For diagnosis Osteoarthritis diseases, symptoms are collected from the Experts in the field of 

Orthopaedic. On the basis of those symptoms 11 point Questionnaire is prepared to collect the data 

about the patient. The answers to this questionnaire will be asked to patient, -answers are in the form 

of Yes or No- will become input for the Input Layer. Table 1 shows the 11 point questionnaire used to 

collect the inputs from patient for Neural Network. This collected data will become the Training Data 

Set for the network. 

 Table 1 Questionnaire used to collect data 

Q.1  Does the pain in the affected joint diminish following a period of rest? 

Q.2  Is your pain mild to moderate usually, but becomes more intense during and after a period of 

increased activity and after repetitive use of the involved joint? 

Q.3 Was the onset of your arthritis pain gradual as opposed to sudden? 

Q.4  Whether along with the morning stiffness do you get pain in small joints of hand and feet along 

with swelling? 

Q.5  Is there pain while walking (Yes) or mere standing (No)? 
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Q.6  Did your arthritis pain initially start in either Right or Left Part? 

Q.7  Do you have evidence of crepitus (a crackling sound in the affected joint) 

Q.8 Are you affected by weather changes? Does your joint become more painful with a change in the 

weather pattern? 

Q.9  Is there any bowing near knee joint 

Q.10 Is patient having overweight? (Is wt>wt in kg=ht in cm-100) 

Q.11 

 

Whether you experience stiffness in the morning does it last more or less than 30 minutes? 

After this the neural network will work to analyze the symptoms for correct diagnoses of disease. In 

the course of training of the network it has been observed that the patients’ complaints/symptoms 

provide greater insights for predicting medical diagnoses. However for some patient conditions have 

to rely heavily on further investigations for an accurate prediction. The purpose of the work is to 

develop an automated data processing system capable of accepting symptoms as a set record and 

using it to arrive at a correct diagnosis. 

6.1 Use of Neural Network as a Classifier 

The answer of the question from questionnaire, received from patient will be an input for the network. 

As the neural network requires the input in Crisp format, the input will be either 1 or 0 (present or 

absent). The network will be initially trained, so that it can produce desired output for a given set of 

inputs. The Graphical User Interface can be designed for implementation of this network. The final 

weights for the given input values can stored in a file after training is completed.  

Afterwards when the network is tested for the any kind of inputs, the stored weights can be retrieved 

for testing. In case if the user of a system feels any change in pattern matching of given set of inputs 

and the anticipated output, he can train the network again, to get the new set of weights.  

6.2 Training of the Artificial Neural Network 

The learning process proceeds by way of presenting the network with a training set composed of input 

patterns together with output response pattern. By comparing the actual output with the target output 

for given pattern, the error is computed. The error can then be used to alter the connection strengths 

between layers in other to achieve a better network’s response to the same input pattern in subsequent 

iterations.  

In the proposed ANN system, random weights were initially assigned to all the neurons, for the first 

layer.  

Following is the structure of the network 

 

numInputs: 1 

numLayers: 3 

biasConnect: [1; 1; 1] 

inputConnect: [1; 0; 0] 

layerConnect: [0 0 0; 1 0 0; 0 1 0] 

outputConnect: [0 0 1] 

targetConnect: [0 0 1] 

VII. RESULTS AND DISCUSSION 

The implementation of this proposed work is done in MATLAB 7.1. Initial Training of the network 

was performed on Hypothetical data set based on the 11 point questionnaire. After showing the results 

of that data to Expert Doctors, the actual data from patient was collected from reputed doctors. The 

data is collected for 70 patients, which is used for training and testing purpose. 

In the course of testing the system, results were noted. When there was a match found in Diagnosis by 

System and Diagnosis by Doctor success was recorded. In situations when there was no match failure 

was recorded.  Figure 3 shows the training graph of the present work. The network was successfully 

trained in 15 epochs with training goal as 1e-006. 
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Fig.3 Training of BPNN 

The network was initially trained with one Hidden layer with one Hidden neuron. With incremental 

approach it was tested for different number of neurons in the Hidden Layer.   Table 2 shows the 

results of proposed BPNN for different number of hidden layer neurons. The table shows that optimal 

results can achieved with 10 neurons in the hidden layer. (Shown in Bold case). The graph in the 

figure 4 represents the data from the table in pictorial form. 

Table 2 Results of BPNN 

Number of 

Neurons in the 

Hidden Layer 

Epochs Accuracy Training Result 

Success/Error 

1 310 NA Error : Maximum 

mu reached 

2 1000 NA Error: Maximum 

epochs reached 

3 274 91% Success 

4 197 93% Success 

5 20 94% Success 

6 24 94% Success 

7 35 94% Success 

8 28 96% Success 

9 21 96% Success 

10 15 97% Success 

11 23 97% Success 

12 36 97% Success 

13 16 97% Success 

14 27 97% Success 

15 34 97% Success 

16 23 97% Success 

17 21 97% Success 

18 32 97% Success 

19 19 97% Success 

20 27 97% Success 
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Fig. 4 Graphical representation of data in the Table 2 

 

In the figure 5 the graph shows the difference between the target and the output (Fig.5 a).  The symbol 

‘o’ is drawn to show the target and symbol ‘+’ is used to show the output. The network could able to 

classify 67 records out of 70 records. It clearly shows that for record number 67 and 70 the network 

has failed to classify the disease (Fig. 5 b). For the clear display the graph has been magnified. For 

remaining test cases the classifier works in right direction. 

For the network with 4 neurons in the hidden layer and 6 neurons in the hidden layer, it gives 

Accuracy up to 93% and 94% respectively. The graph is shown in Fig. 5 (c) and Fig. 5 (d) 

 
(a) 

 
(b) 
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(c) 

 
(d) 

Fig.5 Results for different number of neurons in the Hidden Layer 

(The symbol ‘o’ shows the Target and the symbol ‘+’ shows Output of the Network) 

   
For the hypothetical test cases it gave the accuracy up to 98%. And for the real life data of 70 patients 

accuracy achieved was 97%. 

VIII. CONCLUSION  

Medical diagnosis has become highly attributed with the development of technology. The work has  

presented a framework for diagnosing and classification of Osteoarthritis as one of Orthopedic disease 

using Back propagation Neural Networks.  The proposed work has able achieved a high level of 

success using the artificial neural network technique. A success rate of 97% has been achieved for 

disease classification, it makes this system a good option for the diagnosis. This infers that BPNN is 

an effective and efficient method for implementing diagnostic problems. The features of the BPNN 

provide learning capability, which keeps the system adaptable to new disease conditions or variation 

of known orthopaedic diseases. This provides great flexibility in the diagnostic system and makes the 

system to be opened ended. The system can be used in many conditions even in unforeseen instances. 

The system is very much interactive. The research work can also act as a pedestal for the advancement 

of research in neural network applications in medical diagnostic researches. 

IX. FUTURE WORK 

As traditional neural network only supports Bivalued kind of inputs (Yes/No). In future we wish to 

reconstruct the model, which can work with any discrete kind of inputs. As when the doctor take a 

history from the patient, all given information cannot be converted into Crisp values like 1 and 0, so 

in that case model should work with that discrete value. We will also think about the optimization of 

the number of neurons with maintained accuracy.  
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ABSTRACT 

India has the dubious distinction of harbouring the world’s largest number of oral cancer patient with an 

annual age standardized incidence of 12.5 per 100,000. The treatment is successful only if the lesion is 

diagnosed early. This paper proposes ED&P framework which is used to develop a data mining model for Early 

Detection and Prevention of malignancy of Oral Cavity. The database of 1025 patients has been created and the 

required information stored in the form of 36 attributes. 

KEYWORDS: Oral Cancer, Data Mining, Early Detection, Prevention, Lesion, Malignancy   

I. INTRODUCTION 

Globally, about, 5,75,000 new cases and 3,20,000 deaths occur every year from oral cancer [1]. Head 

and neck cancer is the sixth common malignancy and is the major cause of cancer morbidity and 

mortality worldwide. In India, cancers of Head and Neck comprise ~24.1 % of total cancers seen at 

Tata Memorial Centre, Mumbai and of these ~13.2 % are from the oral cavity [2]. Although the Oral 

Cavity lesions constitute only a small minority of pathological conditions, they are of great 

significance, as they have potential to jeopardize the health and longevity of the patient [3]. Most oral 

cancers in India present in advanced stage of malignancy. It is essential to establish an accurate 

diagnosis, to initiate optimal therapy for oral cavity lesions [4]. One of the main barriers to treatment 

and control of oral cancer is the identification and risk assessment of early disease in the community 

in a cost-effective fashion. The Oral healthcare industry generates a great deal of information 

regarding oral disease data that can be collected and “analysed or mined” to determine the hidden 

patterns and trends that will help healthcare practitioners for effective decision making.     

Data Mining & Statistical Analysis is the search for valuable information in large volumes of data. It 

is now widely used in health care industry. Finding useful patterns or meaning in raw data has 

variously been called KDD (knowledge discovery in databases), data mining, knowledge discovery, 

knowledge extraction, information discovery, information harvesting, data archaeology and data 

pattern processing [5]. In this paper, we will use Fayyad et al.’s (1996b) definitions of knowledge 

discovery and data mining. Knowledge discovery is the “non-trivial process of identifying valid, 

novel, potentially useful and ultimately understandable patterns in data” [6]. Data mining, one of the 

steps in the process of knowledge discovery, “consists of applying data analysis and discovery 

(learning) algorithms that produce a particular enumeration of patterns (or models) over the data.” 

Data mining is typically a bottom-up knowledge engineering strategy [7]. Knowledge discovery 

involves the additional steps of target data set selection, data pre-processing, and data reduction 

(reducing the number of variables), which occur prior to data mining. It also involves the additional 

steps of information interpretation and consolidation of the information extracted during the data 
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mining process. The medical data is difficult to analyse because of its characteristics such as huge 

volume and heterogeneity, temporality of the data, and high frequency of null values. 

The objective of this study is to propose the ED&P framework which is used to develop a data mining 

model for Early Detection and Prevention of malignancy of Oral Cavity. This paper is organized as 

follows. The next section reviews related work. Section 3 covers the information about malignancy in 

oral cavity. Section 4 gives the methodology used to collect the data from various sources and prepare 

it for mining process. Framework to develop a model to explore the hidden pattern is covered in 

section 5. Conclusion and future work are given in the section 6 and  Acknowledge in the last section. 

II. RELATED WORK 

Nikhil Sureshkumar Gadewal et. al. [8] have compiled and enlarged the oral cancer gene database to 

include 374 genes by adding 132 gene entries to enable fast retrieval of updated information.  

Jin Oh Kang et. al. [9]  have developed four data mining models, including two artificial neural 

network (ANN) models and two classification and regression tree (CART) models, to predict both the 

total amount of hospital charges and the amount paid by the insurance of cancer patients and 

compared their efficacies. The ANN models showed better prediction accuracy than CART models. 

However, the CART models, which serve different information from ANN model, can be used to 

allocate limited medical resources effectively and efficiently. For the purpose of establishing medical 

policies and strategies, using those models together is warranted. 

Adbelghani Bellaachia et. al. [10] have presented an analysis of the prediction of survivability rate of 

breast cancer patient. They have investigated three data mining techniques: The Naïve Bayes, the 

back propagated neural network, and the C4.5 decision tree algorithms, followed by Cross-Validation 

with 10 folds. Finally, they concluded that C4.5 algorithm has a much better performance than other 

two techniques. 

Delen et. al. [11] has employed the SEER dataset and compared a few models in their study. Delen et 

al. reported that the Decision Trees algorithm had a much better performance than the other two 

algorithms, Artificial Neural Network and Logistic Regression model. In their study, the Logistic 

Regression model had the worst accuracy. In Delen et al.’s study, 46% survival and 54% death 

patients were occupied in their dataset. Decision Trees showed the best performance for accuracy. 

Arihito Endo et. al. [12]  present optimal models to predict the survival rate of breast cancer patients 

in five years. In this study, Logistic Regression model showed the highest accuracy. The J48 had the 

highest sensitivity and the ANN had the highest specificity. The Decision Trees models tend to show 

high sensitivity. And the Bayesian models were apt to show the accuracy going up. They found that 

the optimal algorithm might be different by the predicted objects and dataset. 

Shantakumar B. Patil and Dr. Y.S. Kumaraswamy [13] used the K-means clustering algorithm and 

MAFIA algorithm on Heart Disease Data Warehouse to mine the frequent patterns relevant to heart 

disease. Then the significant weightage of the frequent patterns are calculated. Further, the patterns 

significant to heart attack prediction are chosen based on the calculated significant weightage. These 

significant patterns can be used in the development of heart attack prediction system. 

Shantakumar B. Patil and Dr. Y.S. Kumaraswamy [14] did the extension of their previous work by 

training the neural network with the selected significant patterns in order to predict heart attack in an 

efficient manner. They have employed the Multi-layer Perceptron neural network for the design of 

prediction system with Back-propagation as training algorithm. The experimental results have 

illustrated the efficacy of the designed prediction system in predicting the heart attack. 

DSVGK Kaladhar et.al. [15] have predicted oral cancer survivability using Classification algorithms 

like CART, Random Forest, LMT, and Naïve Bayesian. The algorithms classify the cancer survival 

using 10 fold cross validation and training data set. The Random Forest technique correctly classified 

the cancer survival data set. The absolute relative error is less when compared to other methods. 

III. ORAL CANCER 

Oral cancer is a subtype of head and neck cancer and is any cancerous growth located in any subsites 

of the oral cavity [16]. It may arise as a primary lesion originating in any of the oral tissues, by 

metastasis from a distant site of origin, or by extension from a neighbouring anatomic structure, such 
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as the nasal cavity. Also, the Oral cancers may originate in any of the tissues of the mouth, and may 

be of varied histologic types: SCC, teratoma, adenocarcinoma derived from a major or minor salivary 

gland, lymphoma from tonsillar or other lymphoid tissue, or melanoma from the pigment-producing 

cells of the oral mucosa. However the commonest histologic type is  squamous cell carcinomas 

accounting for 90% of cancer [17]. Oral or mouth cancer most commonly involves the tongue. It may 

also occur on the floor of the mouth, cheek, gingiva (gums), lips, or palate (roof of the mouth). 

Prognosis of oral cancer depends on early diagnosis. Despite advanced surgical techniques and other 

treatment modalities, the 5-year survival rate remains ~40-50% [18][19]. Unfortunately, oral cancer is 

usually detected when it becomes symptomatic.  An early disease is difficult to be differentiated from 

benign lesions. Therefore recognizing point of high risk of developing oral cancer is of importance 

[20]. 

The symptoms for an oral cancer at an earlier stage [21] are: 1) Patches inside the mouth or on lips 

that are white, red or mixture of white and red, 2) Bleeding in the mouth 3) Difficulty or pain when 

swallowing, 4) A lump in the neck. These symptoms should raise the suspicion of cancer and needs 

proper treatment. Treatments for Oral Cancer include surgery, radiation therapy and chemotherapy 

[22]. But even this is not always successful as 70% of the cases relapses and the results in death. The 

treatment is successful only if the lesion is diagnosed early, but sadly many times, it is ignored and the 

patient reports late when the lesion is untreatable. The cost of the treatment runs in lakhs and in spite 

of this there is no guarantee of cure. The surgery is morbid, often disfiguring the face [23]. 

IV. RESEARCH METHODOLOGY 

The proposed framework portrays the methodology for developing a model for Early Detection and 

Prediction of Oral Cancer using data mining. The framework is referred as ED&P framework as 

shown in figure1. The following section describes in detail the methodology that was adopted for the 

creation of database and a framework that will be adopted to develop a model for early detection and 

prevention of oral cancer. 

 

Figure 1.  ED&D Framework  

4.1. Reason to create the database 

So far no proper epidemiological data on oral cancer disease is available in India. Information 

currently available is mostly on the basis of crude incidence rate available from three metropolitan 

cities covered under National cancer registry project [24]. 

4.2. Data Collection 
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Data collection is done by a retrospective chart review of data from ENT and Head and Neck 

Department related to Oral Cancer from the records of the Cancer Registries of Tertiary Care 

Hospitals, OPD data sheet and archives of departments of Histopathology, Surgery and Radiology. 

Clinical details, personal history and habits were collected manually from the records to complete the 

datasheet of the patients. The data collection was done in non-randomized or non-probabilistic 

method, as all the data in the registries for the period of five years was considered. The dataset is 

based on the records of all the patients who have been reported with a lesion and treated at the centre 

from Jan 2004 and June 2009. A total of 1025 records of patients were used for the analysis.  

4.3. Data Preparation 

Data preparation is the process to consolidate and clean the data that was identified and collected in 

the previous step. Data was scattered across multiple hospitals and stored in different formats or 

contained inconsistencies such as incorrect or missing entries. Data preparation is not just about 

removing bad data, but about finding hidden correlations in the data, identifying sources of data that 

are the most accurate, and determining which columns are the most appropriate for use in analysis. 

Collection of data from various sources followed by appropriate correction and refinement of the data 

to make it appropriate for analysis was carried out is shown in Figure 2. 

 

Figure 2.  Process of Data Collection and Data Preparation  

a) Data Integration   

Data integration is the process of merging of data from multiple data sources into one coherent data 

store so that the encoding structure, unit of measurement, physical storage structure, naming 

convention and datatype formats of attributes are same. For example patient_id in one source must be 

matched up with patient_number in another source. Also, the attributes in the final database was not 

available at one source and are integrated from various sources. Careful integration of the data from 

multiple sources helped in creating the database that has all the attributes required to carry out the 

research work. Integration also helped in reducing and avoiding redundancies and inconsistencies in 

the resulting data set. This will help in improving the accuracy and speed of the subsequent mining 

process. 
The final database includes all the fields that are required for the research, pertaining to Oral Cancer 

from the records of the Cancer Registries of Tertiary Care Hospitals, OPD data sheet, radiology report 

and histopathology lab report of the hospitals. Initially 40 attributes were identified, out of which 4 

attributes (Name, Address, Date of Presentation, Occupation) were discarded as the attributes were 

not relevant to the research in hand. Finally, the dataset is prepared with 36 attributes. There are only 

two Continuous or Numerical Variables, which are CaseId and Age. Remaining 34 variables are 

Discrete or Categorical variables. [Table 1] shows all the discrete variable along with its domain, i.e. 

the various values it can hold.  
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Table 1.  Discrete or Categorical Variables and its Domain 

No Variable Domain 

1 Sex Male, Female 

2 Socioeconomic Status Good, Average, Poor, Above Average, Below Average 

3 Clinical Symptoms Burning Sensation, Ulcer, Loosening of tooth, None 

4 History of Addiction Tobacco-Chewing, Tobacco-Smoking, Gutka, Alcohol, Smoking 

and Alcohol, None 

5 History of Addiction1 Tobacco-Chewing, Tobacco-Smoking, Gutka, Alcohol, Smoking 

and Alcohol, None 

6 Co-Morbid Condition Hypertension, Diabetes, Immuno-compromised, None 

7 Co-Morbid Condition1 Hypertension, Diabetes, Immuno-compromised, None 

8 Gross Examination Ulcero-proliferative, Infiltrative, Verrucous, Plaque Like, 

Polypoidal 

9 Site BM, LA, RMT, LIP, Tongue, UA, Palate 

10 Predisposing factor Leukoplakia, Erythoplakia, Submucous Fibrosis, Linchen 

Planus, None 

11 Tumour Size <2cm, 2 cm to 4 cm, >4 cm 

12 Neck Node Present, Absent  

13 LFT Normal, Deranged 

14 FNAC of Neck Node Yes, No 

15 Diagnostic Biopsy Squamous Cell Carcinoma, Variant of SCC, Benign 

16 USG Yes, No 

17 CT Scan / MRI Bony Involvement, Normal 

18 Diagnosis SCC, Verrucous, Benign, Plaque Like, Sarcomatoid, 

Acantholytic, Adenoca, Lymphoepithelioma Like 

19 Staging I, II, III, IV 

20 Surgery Y, N 

21 Radiotherapy Y, N 

22 Chemotherapy Y, N 

23 Histopathology Variant of SSC-Verrucous, Adenoca, Basaloid, Plaque Like, 

Sarcomatoid, acantholytic, Lymphoepithelioma like 

24 1st Followup Symptoms Difficulty in Swallowing, Swelling 

25 1st Followup Examination Ulcero-proliferative, Infiltrative, Verrucous, Plaque Like, 

Polypoidal 

26 2nd  Followup Symptoms Difficulty in Swallowing, Swelling 

27 2nd  Followup Examination  Ulcero-proliferative, Infiltrative, Verrucous, Plaque Like, 

Polypoidal 

28 3rd  Followup Symptoms Difficulty in Swallowing, Swelling 

29 3rd  Followup Examination Ulcero-proliferative, Infiltrative, Verrucous, Plaque Like, 

Polypoidal 

30 4th Followup Symptoms Difficulty in Swallowing, Swelling 

31 4th Followup Examination  Ulcero-proliferative, Infiltrative, Verrucous, Plaque Like, 

Polypoidal 

32 5th Followup Symptoms Difficulty in Swallowing, Swelling 

33 5th Followup Examination  Ulcero-proliferative, Infiltrative, Verrucous, Plaque Like, 

Polypoidal 

34 Survival Y, N 

b) Data Cleaning   

Real world data tends to be incomplete, noisy and inconsistent. Data Cleaning routine attempt to fill 

in the missing values, smooth out noise while identifying outliers, and correct inconsistencies in the 

data. 

i) Missing Values 
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Various strategies were applied to generate the missing values depending on the importance of the 

missing value and its relation to the search domain. Either fill in the missing value manually or use a 

global constant to fill in the missing value. 

Table 2.  Missing Values 

 

 

 

 

ii) Noisy Data 

Noise is a random error or variance in a measured variable. Many techniques were used to remove the 

noise and smooth out the data. Outliers were detected by clustering, where similar values are 

organized into groups, or clusters, values that fall outside of the set of clusters may be considered 

outliers. Combined approach of computer and human inspection- Using clustering techniques and 

constructing groups of data sets, human can then sort through the patterns in the list to identify the 

actual garbage ones. This is much faster than manually search through the entire database. 

Table 3:  Outliers 

 

iii) Inconsistent Data 

There may be inconsistencies in the data recorded for some transactions. Some data inconsistency 

may be corrected manually using external references. Other forms of inconsistency are due to data 

integration, where a given attribute may have different names in different databases or the same data 

value is represented by different names. 

Table 4: Data Inconsistency (Tobacco-Smoking and Smoking represent the same value) 

 
 

4.4 Exploring Data 

Exploration techniques include calculating the minimum and maximum values, calculating mean and 

standard deviations, and looking at the distribution of the data. The technique ensures that the data is 

absolutely balanced and would lead to stable and accurate result.   

a) Selection of the data-mining task  

Diagnosis Staging Surgery Radiotherapy Chemotherapy Histopathology 

SCC IV Y Y Y SCC 

Verrucous II Y Verrucous 

Benign No Y N N Schwanoma 

Benign No Y N N  

SCC IV Y Y Y SCC 

Tumor Size 

(in cm) 

Neck 

Nodes 
LFT 

FNAC of 

Neck Node 

Diagnostic 

Biopsy 
USG CTScan/MRI Diagnosis 

> 4  Abs Normal No Benign No Normal Benign 

< 2  Abs Normal No Benign No Normal Benign 

> 4  Abs Normal No Benign No Normal Verrucous 

< 2  Abs Normal No Benign No Normal Benign 

> 4  Abs Normal No Benign No Normal Benign 

Clinical Symptom 
History of 

Addiction 

History of 

Addiction1 

Co Morbid 

Condition 

Co Morbid 

Condition1 

Gross 

Examination 

Burning Sensation Smoking Alcohol None None Plaque-Like 

Burning Sensation Tobacco-Smoking Alcohol None None Plaque-Like 

Burning Sensation None None None None Polypoidal 

Burning Sensation Smoking Alcohol None None Plaque-Like 

Mass None None None None Polypoidal 

Burning Sensation Tobacco-Smoking Alcohol None None Plaque-Like 
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Data Mining tasks chosen are Association rule and Classification. In data mining, association rule 

learning is a popular and well researched method for discovering interesting relations between 

variables in large databases. Piatetsky-Shapiro[25] describes analyzing and presenting strong rules 

discovered in databases using different measures of interestingness learning. Classification is the task 

of generalizing known structure to apply to new data. It is the problem of identifying which of a set of 

categories (sub-populations) a new observation belongs, on the basis of a training set of data 

containing observations (or instances) whose category membership is known. The individual 

observations are analyzed into a set of quantifiable properties, known as various explanatory 

variables, features, etc. 

b) Selection of the data-mining algorithm 

A data mining algorithm is a set of heuristics and calculations that creates a data mining model from 

data. Choosing the best algorithm to use for a specific analytical task is challenge. While we can use 

different algorithms to perform the same task, each algorithm produces a different result, and some 

algorithms can produce more than one type of result. For example, we can use the Decision Trees 

algorithm not only for prediction, but also as a way to reduce the number of columns in a dataset, 

because the decision tree can identify columns that do not affect the final mining model. 

We  intend to apply algorithms like Decision Trees Algorithm, Naive Bayes Algorithm, Clustering 

Algorithm, Neural Network Algorithm, Association Algorithm.  

4.5 Build a Model 

To create a model, the algorithm first analyzes the data we provide, looking for specific types of 

patterns or trends. The algorithm uses the results of this analysis to define the optimal parameters for 

creating the mining model. These parameters are then applied across the entire data. Typically 

multiple models are created with different configurations and all the models are tested to see which 

yields the best results for the research problem and data collected. 

4.6 Validate the Model 

It is important to validate the performance of mining models before deploying them into a production 

environment. The data would be separated into training and testing sets to test the accuracy of 

predictions. There are many validation approaches like lift and gain, cross-validation, classification 

matrices, scatter plots and profit charts for assessing the quality and characteristics of a data mining 

model. 

4.7 Deploying and Updating Models  

Model will to be deployed so that it can perform many tasks depending on need. However, Prediction, 

Detection and Prevention process has to be upgraded so that they become the next set of inputs to the 

system. Each time the system will generate the refined and accurate outputs.  

V. CONCLUSION AND FUTURE WORK 

An ED&P Framework which is an information system is presented that will deliver the necessary 

information to clinical, administrative, and policy researchers and analysts in an effective and efficient 

manner. The system will deliver the technology and knowledge that users need to readily: (1) 

organize relevant data, (2) detect cancer patterns (3) formulate models that explain the patterns, and 

(4) evaluate the efficacy of specified treatments and interventions with the formulations. In this paper 

we have discussed how the database of 1025 cases with 36 attributes has been created and prepared 

for data mining task. Our future work shall involve applying data mining algorithms using the data set 

and identifying the useful patterns.  
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ABSTRACT 

In this paper, a C shaped microstrip patch antenna design has been proposed. The characteristics of the 

antenna are obtained in terms of return loss, gain and bandwidth. It is observed that the new proposed 

configuration can operate in two different frequency bands with a good amount of bandwidth i.e. bandwidth of 

12.05% at 1.25GHz frequency band and bandwidth of 19.82% at 2GHz frequency band . The resonating 

behaviour in different frequency bands makes this antenna structure suitable for different types of applications 

with an antenna gain of 5.509dBi and antenna efficiency of 89%. The designing and simulation of the antenna 

structure is done over IE3D simulation software version 15.02. 

KEYWORDS: C-Shaped, Dual Band, Ground Plane, Microstrip Antenna, Patch Antenna 

I. INTRODUCTION 

Antenna is a basic demand for any wireless communication system and as the wireless 

communication devices are smaller the antenna used in those devices should also be small. Parabolic 

reflector, Yagi antenna, Horn antenna are some examples of antenna structures having good amount 

of bandwidth as well as gain. No doubt these antennas are good enough according to their 

performance but the main drawback of these types of antennas are there 3D structure which limits the 

use of these types of antennas, hence smaller antennas are in high demand for those communicating 

devices, along with that if we find any antenna structure having 2D structure and small size then it 

will play a vital role in the wireless communication arena. Microstrip patch antenna having a 2D 

structure fulfils this requirement. 

Microstrip patch antenna is a two dimensional planer antenna configuration having all the advantages 

of a printed circuit board such as easy to design and manufacture, low cost etc. though these antenna 

structure have several advantages, it has some severe disadvantages such as low bandwidth, low gain, 

low efficiency etc. and to overcome these disadvantages various researches are in progress. The patch 

shapes of these antennas influence the performance of these antennas. 

Various methods to improve the performance of antenna are suggested by the researchers such as by 

cutting notches and slots in the conventional rectangular, square etc. shapes [4] [12] [13], by 

introducing slits in the patch geometry [10], by using different dielectric materials [5], by using 

different feeding methods, by using air gap structure, by using stacked configuration [11] etc.  

A good amount of increment in the performance of the antenna structure is achieved by using these 

techniques but the application of these antenna structures are limited to be operated in single 

frequency band. 
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In this paper a C shaped antenna structure is designed by cutting a notch in a rectangular microstrip 

patch antenna [2]. The designed antenna structure is further simulated over IE3D version 15.02. First 

of all its return loss curve is considered, using this curve the bandwidth of the designed antenna is 

calculated, further the VSWR curve is considered which will help to decide whether this antenna 

structure can work in the frequency bands shown in the return loss curve. Another important 

parameter gain is further considered to analyse the antenna gain, further another important parameter 

i.e. directivity is shown. At last the efficiency is considered which includes the antenna efficiency as 

well as radiation efficiency. These all results are analysed in this paper. The coaxial probe feed 

method is used for feeding.  

II. RESEARCH METHODOLOGY 

The research methodology inculcates the design of simple rectangular shaped antenna structure and 

further cutting a notch to make it C-shaped. This structure is further fed by using probe feed method. 

The feeding is done at various points of the antenna structure and the point at which the optimum 

performance is achieved is finally fed by the probe. The simulation and analysis of this antenna 

structure is done over IE3D simulation software, which is a MoM based simulation software. 

III. ANTENNA DESIGN 

Cutting a notch in a rectangular microstrip patch antenna and hence making a C shaped antenna 

structure which is shown in fig. 1. The antenna structure shown in fig. 1 is designed and simulated 

over IE3D simulation software. The dimensions of the antenna structure are shown in the figure itself 

along with table 1. 

 

 

 

 

 

 

 

 

 

Fig.1 Design of C shaped Microstrip Patch Antenna 

Table 1: dimension of antenna structure 

Description Dimensions(in mm) 

Ground Plane l=60 , w= 120 

Patch  l=48, w=96 

Width of the arm 12 
 

IV. ANTENNA FEEDS 

Various feeding techniques can be used for feeding the microstrip patch antenna such as microstrip 

line feed, coaxial probe feed, aperture coupled feeding etc. The designed antenna structure shown in 

this paper is fed by using coaxial probe feeding method because it can be easily fabricated and has 

low spurious radiation. 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

313 Vol. 4, Issue 2, pp. 311-317  
 

V. RESULT AND DISCUSSION 

The antenna structure when designed and simulated over IE3D provides good result in terms of 

bandwidth and makes this antenna well suited to work in two different frequency bands. The most 

important parameter to be analyzed is the bandwidth of the antenna and to analyze it the return loss 

curve is drawn and studied. For any antenna structure with good performance the return loss should be 

minimum. A standard value of the return loss i.e. -10dB is considered for the calculation of the 

bandwidth of the antenna structure. The simulation of the antenna structure provides the return loss 

curve which is shown in fig. 2.  

 

 

 

 

 

 

 

 

 

 

Fig. 2 Return Loss Curve of the Designed Antenna Structure 

Analyzing the curve shown in fig. 2 we can clearly mention two different frequency bands in which 

this rectangular patch antenna can work. Calculating the bandwidth of the antenna as shown in 

equation I and II we can see the amount of bandwidth achieved in two different frequency bands. 

Calculation of the bandwidth 

For frequency band 1 

��� = 1.232	
�, ��� = 1.380	
�,   

��� = 1.245GHz 

��������ℎ� =
1.380 − 1.232

1.245
× 100 = ��. ��% 

 For frequency band 2 

��! = 1.802	
� ,��! = 2.206	
�, 

��! = 2.018GHz 

��������ℎ! =
2.206 − 1.802

2.018
× 100 = �#. $�% 

The curve shown in fig.2 and the calculation done shows different amount of bandwidth at different 

frequency bands i.e. the bandwidth of 12.05% and 19.82% in different frequency bands which make 

this antenna structure suitable for two different types of applications. 
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Another very important factor which is related to the bandwidth is the VSWR. The VSWR should be 

less than 2 in the frequency band in which the antenna has to operate. The VSWR curve of the 

antenna structure is shown in fig, 3. 

 

 

 

 

 

 

 

 

 

Fig. 3 VSWR Curve 

Analyzing the curve shown in fig. 3 it is clearly observed that the VSWR is less than 2 in the 

frequency bands shown in the return loss curve. Hence this antenna structure can perform well in the 

above said frequency bands. 

Another important parameter which has to be considered is the gain of the antenna. The total field 

gain Vs frequency curve is shown in fig. 4. 
 

 

 

 

 

 

 

 

Fig. 4 Total Field Gain Vs Frequency Curve 

Analyzing the curve shown in fig. 4 it can be clearly observed that the designed antenna structure 

provides a satisfactory amount of gain i.e. 3.95dBi which is highly desirable for various applications. 
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Another important parameter which is highly considered is the directivity of the antenna.   Fig. 5 

shows a curve between Total Field Directivity vs. Frequency. 

Fig. 5 Total Field Directivity Vs Frequency 

Analyzing the curve shown in fig. 5 it can be clearly observed that the designed antenna structure 

provides good amount of directivity i.e. 6.42dBi at 2.81 GHz frequency. 

Antenna efficiency and radiation efficiency are two important parameters which we have to analyze. 

Fig 6 and Fig. 7 shows the antenna efficiency and radiation efficiency respectively. 

Fig. 6 Antenna Efficiency 

Analyzing the antenna efficiency curve we can see antenna efficiency of 70% which quite good while 

considering the microstrip patch antenna structure. 
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Fig. 7 Radiation Efficiency 

Similarly analyzing the radiation efficiency curve we can see a radiation efficiency of more than 90% 

which quite good while considering the microstrip patch antenna structure. 

VI. CONCLUSION 

A C-shaped microstrip antenna is designed and simulated over IE3D simulation software. The 

simulation results of this antenna structure is quite good as this antenna structure can work in two 

different frequency bands with good amount of bandwidth i.e. 12.05% and 19.82% , along with the 

bandwidth the antenna structure also provides good amount of gain i.e. 3.95 dBi, directivity of 6.42 

dBi, antenna efficiency of 70% and radiation efficiency of 90%. 

VII. FUTURE WORK 

Further enhancement in the antenna gain and bandwidth can be done by doing more research such as 

by using different antenna shapes, using different feeding methods, by changing the feed locations etc. 

Some more methods which can be implemented are using antenna array, using stacked configuration 

etc. 
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ABSTRACT 

This paper  presents a high- speed and wide-range parallel  counter that achieves high operating frequencies 

through a pipeline partitioning  methodology (a counting path and state look-ahead path), using only three 

simple repeated module types: an initial module generates anticipated counting states for higher significant bit 

modules through the state look-ahead path , simple D-type flip-flops, and  2-bit counters. The state look-ahead 

path prepares the  counting path’s next counter state prior to the clock edge such that clock edge triggers all 

modules simultaneously, thus concurrently updating the count state with a uniform delay at all counting path 

modules/stages with respect to the clock edge. The structure is scalable to arbitrary N-bit counter widths using 

only the three modules types and no fan-in or fan-out increase. The proposed architecture is verified by verilog 

HDL in ModelSim.   

KEYWORDS-Architecture design, parallel design, pipeline counter design. 

I. INTRODUCTION 

Counters are widely considered as essential building blocks for a variety of circuit operations [1],[3] 

such as programmable frequency dividers, shifters, code generators, memory select management, and 

various arithmetic operations. Since, many applications are comprised of these fundamental 

operations; much research focuses on efficient counter architecture design. Counter architecture 

design methodologies explore tradeoffs between operating frequency, power consumption, area 

requirements, and target application specialization. Early design methodologies improved counter 

operating  frequency by partitioning  large counters into multiple smaller counting modules, such that 

modules of higher significance(containing higher significant bits) were enabled when all bits in 

modules of lower significance(containing lower significant bits) saturate. Initializations and 

propagation delays such as register load time, AND logic chain decoding, and the half incrementer 

component delays in half adders dictated operating frequency. 

To reduce high counter power consumption Alioto et al. [2] presented a low power counter design 

with a relatively high operating frequency. Alioto’s design was based on cascading an analog block 

,these analog blocks were structured using MOS current-mode logic to represent an analog divider 

stage such that each counting stage’s (module’s) input frequency was halved compared to the 

previous counting stage (module). Hoppe at el.[5] improved counter frequency  by incorporating a 2-

bit Johnson counter [7]  into the initial counting module in  a partitioned counter architecture. 

However the increase in operating frequency was offset by reduced counting capability. Kakarauntas 

et al. [6] used a carry look-ahead circuit [4] to replace the carry chain. The carry look-ahead used a 

prescaler technique with systolic 4-bit counter modules with the cost of an extra detector circuit. The 

detector circuit detected the assertion of lower order bits to enable counting in the higher order bits. 

To further improve the operating frequency, Kakarauntas‘s design used DFFs between systolic 

counter modules but the large counter widths incurred an additional three input logic gate delay. 

Based on the survey an efficient counter architecture is designed. 

The main contributions of the proposed parallel counter are as follows: 
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1) A single clock input triggers all counting modules simultaneously, resulting in an operating 

frequency independent of counter width. The total critical path delay is uniform at all  

counting stages and is equal to the combination of the access time of  a 2-bit counting 

module, a single three input AND gate delay, and the DFF setup-hold time. 

2) Parallel counter architecture enables high flexibility and reusability, and thus enables short 

design time for wide counter applications. The architecture is composed of three basic module 

types separated by DFFs in a pipelined organization. These three modules type are placed in a 

highly repetitious structure in both the counting path and the state look-ahead paths, which 

limits localized connections to only three signals. 

3) The counter output is in radix-2 representation so the count value can be read on-the-fly with 

no additional logic decoding. 

4) Proposed counter has no latency. 

II. PROPOSED PARALLEL COUNTER ARCHITECTURE 

2.1 Implemented Architecture 

 

Figure 1. Proposed 8-bit parallel counter 

Figure 1 is a proposed parallel counter architecture for 8-bit counter. The main structure consists of 

the state look-ahead path and the counting path. The counter is partitioned into uniform 2-bit 

synchronous up counting modules. 

The counting path’s counting logic controls counting operations and the state look-ahead logic 

anticipates future states and thus prepares the counting for these future states. Figure 1 shows the three 

module types (module-1, module-2 and module-3s, where s=123, etc.) used to construct both paths. 

Module-1 and module-3 are exclusive to the counting path and each module represents two counter 

bits. Module-2 is a conventional positive edge triggered DFF and is present in both paths. In the 

counting path, each module-3s‘s serves two main purposes. The first purpose is to generate all counter 

bits associated with their ordered position and the second purpose is to enable (in conjunction with 

stimulus from the state look ahead path) future states in subsequent  module-3s’s in conjunction with 

stimulus from the state look- ahead path. 

2.2 Architecture Functionality of Module-1 

Module -1 is a standard parallel synchronous binary 2-bit counter, which is responsible for low order 

bit counting and generating future states for all modules-3s’s by pipelining the enable for these future 

states through the state look-ahead path. Hardware schematic and state diagram is shown in Figure 2. 
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Figure 2. Hardware schematic and state diagram for module-1 

2.3 Architecture Functionality of Module-3S 

 

Figure 3. Hardware schematic and state diagram for module-3S. 

Figure 3 shown above is hardware schematic and state diagram of Module-3S. Module-3S is a parallel 

synchronous binary 2-bit counter whose count is enabled by INS. INS connects to the Q output of the 

preceding module-2. QEN3 connects to the subsequent module2’s DIN input and provides the one –

cycle look ahead mechanism. 

2.4 Generalized Parallel Counter Architecture 

 

Figure 4. Generalized N-bit parallel counters 
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Figure 4 depicts a generalized N-bit counter topology, revealing state look ahead path 

details.Modules-2s in the state look-ahead logic are responsible for propagating (pipelining) the 

overflow detection to the appropriate  module-3S. Early overflow is initiated by the module -1 

through the left most column of decoders (state-2, state-3 etc.). 

III. SIMULATION RESULTS 

A Testbench is developed using Verilog which verifies the functionality of the proposed counter and 

it is simulated using ModelSim simulator which is shown in Figure 5. Simulation result of 8-bit 

counter shows that a similar sequence repeats through the remaining clock cycles due to the counter 

state anticipation by pipelining early overflow detection. These mechanisms enable all modules to 
maintain the same gate delay regardless of counter width. 

 

Figure 5. Simulated 8- bit proposed counter 

IV. SYNTHESIS RESULTS 

Using Xilinx ISE 8.2i synthesis is done and analyzed which is shown in Figure 6. The synthesis report 

shows the number of flip-flops and IOBs (input-output blocks) used is very less. Also gives the 

parameters enhanced like operating frequency, power dissipation, gate delay & net delay. 

 

Figure 6. Synthesis report of 8- bit proposed counter 
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V. RESULTS COMPARISON  

Table 1 clearly shows that implemented method has given the best performance metrics compared to 

existing. The implemented counter has increased the frequency about 55% more than the previous 

design. Also the delay and power dissipation get reduced. 

Table 1: Comparison of proposed design with existing design 

 

 

    

 

                

VI. CONCLUSION AND FUTURE WORKS 

This paper presented a scalable high-speed parallel counter using CMOS gate logic components. This 

counter design logic is comprised of mainly 2-bit counting modules and three input AND gates. 

Counter’s structure main features are pipelined and state look ahead path logic whose interoperation 

activates all modules concurrently at the system’s clock edge, thus provides all counter state values at 

the exact time without rippling effects. In addition, this structure avoids using along chain detector 

circuit typically required for large counter widths. To make the architecture compatible, efficient 

CMOS transistors should be used and interconnection nets can be reduce using efficient logic design 

along with lesser number of AND gate to get low chain delay and hence the latency can be reduce. 
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ABSTRACT 

A landfill site is a site for the disposal of waste materials by burial and is the oldest form of waste treatment. 

This paper presents an examination of the current complications to placing solar systems on closed landfills 

while also providing applications for additional study in the area of landfill and contaminated lands 

development. The recent push to develop renewable energy resources has already led to a few conflicts, as plans 

for large-scale solar installments raise concerns about impacts to wildlife habitat. Development of 

contaminated lands in general and closed landfills in particular for the placement of renewable energy is a 

relatively new and growing practice. This paper examines the current nature of solar energy developments on 

closed landfills using the following focal areas: (1) solar power system considerations with respect to landfill 

applications, (2) landfill technical and engineering considerations. The U.S. Environmental Protection Agency 

(EPA) Office of Solid Waste and Emergency Response (OSWER) Center for Program Analysis is encouraging 

the reuse of contaminated lands, including properties with closed landfills, for siting clean and renewable 

energy facilities. Contaminated lands encompass sites that are undergoing remediation or have completed 

remediation under various cleanup programs, such as Superfund and brownfield sites. 

KEYWORDS: Solar panel, Landfills, EPA, geomembrane,  

I. INTRODUCTION 

Historically, landfills have been the most common methods of organized waste disposal and remain so 
in many places around the world. Landfills may include internal waste disposal sites (where a 
producer of waste carries out their own waste disposal at the place of production) as well as sites used 
by many producers. A landfill also may refer to ground that has been filled in with rocks instead of 
waste materials. As demand for new land increases, landfills are becoming valuable for their 
development potential (EPA, 2002). 
Closed landfill sites continue to receive stringent environmental monitoring and controls because of 
the following reasons. Leachate is a product that results from water contacting waste. A leachate 
collection system was constructed at the Britannia Sanitary Landfill Site in order to prevent leachate 
from migrating off-site. Methane is a landfill gas produced naturally as waste decomposes. Methane 
gas is collected through the leachate collection system, then drawn to an on-site flare for controlled 
burning. Litter fencing and dust control measures has been strategically placed around the site. 

II. TYPICAL OPERATIONS & PROBLEMS 

In non hazardous waste landfills typically various techniques are applied. Firstly the waste collection 
underwears in landfill operations are weighed at a weighbridge on arrival and their load is inspected 
for wastes that do not accord with the landfill’s waste acceptance criteria. Afterward, the waste 
collection vehicles use the existing road network on their way to the tipping face or working front 
where they unload their contents. After loads are deposited, compactors or bulldozer are used to 
spread and compact the waste on the working face. Before leaving the landfill boundaries, the waste 
collection vehicles pass through a wheel cleaning facility. Typically, in the working face, the 
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compacted waste is covered with soil daily. Alternative waste-cover materials are several sprayed-on 
foam products and then removed the following day prior to waste placement. Waste compaction is 
critical to extending the life of the landfill. 
A large number of adverse impacts may occur from landfill operations. Damage occurrence can 
include infrastructure (e.g., damage to access roads by heavy vehicles); pollution of the 
local environment (such as contamination of groundwater and/or aquifers by leakage or sinkholes and 
residual soil contamination during landfill usage); off gassing of methane generated by decaying 
organic wastes; harboring of disease vectors such as rats and flies, particularly from improperly 
operated landfills, which are common in developing countries; injuries to wildlife; and simple 
nuisance problems (e.g., dust, odor, vermin, or noise pollution).This list is growing day by day. But 
we can easily overcome these problems by installing solar panels on closed landfils.  
 

Figure 1: Land fill operation site 

III. SOLAR POWER ON CLOSED LANDFILLS - THE NEW APPLICATION HAS 

BEEN TAKEN 

• Renewable energy sources are expected to play a key role in initiatives for sustainable growth 
and development in the coming decades.  Using closed landfills to generate clean, renewable 
energy is an emerging trend that can create jobs, deliver low-cost energy, and help reduce the 
environmental impact of our energy production. Closed landfills have traditionally been a 
vastly underutilized resource, which can have a negative impact on the local tax base or be 
seen as a business liability. Municipalities and private industries with closed landfills now 
have an opportunity to capitalize on this untapped resource by siting revenue-generating, 
clean, renewable energy facilities on these properties. 

• Closed landfills often offer the right characteristics for a solar installation: plenty of open 
space and good sun exposure. Many incentives have emerged to make developing solar power 
facilities an attractive and affordable option. 

• Building a solar facility on a closed landfill brings an underutilized land resource back into 
productive use, can provide low-cost renewable energy, and reduces a community’s carbon 
footprint. On the other hand, there are certainly important technical challenges to overcome 
when developing this type of facility. In particular, site stability and impacts to the landfill 
cap must be carefully considered. 

• Policy and funding support for siting solar installations on closed landfills is increasing. This 
includes initiatives from the EPA Office of Solid Waste & Emergency Response, and 
financial incentives from many state governments that can offset a substantial portion of the 
capital costs of these projects. 

• An increase in regulations for the production of fossil fuels and environmental concerns have 
helped renewable energy sources. Closed landfill sites  generally are developed as open areas 
and public parks, but some sites have been developed for active uses such as sports complexes 
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and shopping malls.  Recently, a number of closed landfills have been considered as potential 
sites for renewable energy generation (i.e., capturing energy from wind or sun).   The city of 
Houston was awarded $50,000 from the U.S. Environmental Protection Agency (EPA) to 
develop a solar energy plant on a closed landfill to revitalize a 300-acre site near downtown 
(Barry and Tillman, 2008).  Florida Power & Light (FPL) developed a solar energy project 
about half the size of a football field on a Sarasota County landfill, fulfilling a promise 
to customers.  The New Jersey Meadowlands Commission (NJMC) is planning to generate 
approximately 5 megawatts of energy from solar harvesting on a landfill to produce 
renewable energy and encourage businesses to take advantage of the state’s growing green 
economy (Aberback, 2008).  The Tessman Road Landfill in San Antonio, Texas, will be 
capped with a flexible solar energy–capturing cover consisting of more than 1,000 strips with 
photovoltaic silicon cells. 

 The two main types of systems used for harnessing solar energy are: 

� Solar collectors with mirrored surfaces that reflect sunlight to heat liquid, generating 
electricity through steam power. 
 

� Photovoltaic (PV) cells that absorb direct sunlight 

Although solar energy is free, harnessing solar energy requires investment.  Some factors that should 
be considered in the selection of solar harvesting systems include the following: 

• Type of solar harvesting system to be used for a specific application (mono, poly, amorphous, 
ribbon, concentrated, silicon- or copper-based) 

• Solar density (watts per square foot) 

• Efficiency (conversion of light to energy) 

• Durability (ability to withstand environmental factors) 

• Physical properties of the surface and the solar system (heat tolerance, mounting, wiring, 
grounding, spacing requirements) 

• Appearance, form and function, and dual-use deployment 

• Manufacturer and availability, warranty, maintenance requirement and useful life. 

IV. LANDFIL CHARACTERISTICS 

The design and operational characteristics of a landfill that may affect PV system installation and 
efficiency include the site area, topography, location, post closure plans, cap system, and runoff 
control. 

� Area: Closed sites are suitable to be developed as power parks if they have a large area with 
suitable orientation (i.e., south-facing). 

� Topography: Evenness and symmetry in the landfill shape are important factors for the 
layout of a solar power–harvesting system. The shape of the landfill may affect the wind load 
and panel layout configuration. It is necessary to optimize the use of the topography in 
relation to wind load and panel layout for improved performance. 

� Urban and rural location: Urban sites are closer to the power grid and the distribution 
system; hence, the losses during distribution are relatively small. Rural areas with high 
customer potential could be considered for solar systems.  However, PV systems can provide 
a sustainable alternative to help meet the increasing demands in urban areas. 

� Post closure plans: This project evaluated the post closure use of well-maintained landfill 
sites. It is necessary to reevaluate the implementation of the post closure care plan and 
maintenance needs at the candidate sites for installation of the PV system for compatibility of 
the existing infrastructure with the installation and maintenance requirement of pv system. 

� Geographical orientation: Site slopes and orientation are important because of the path of 
the sun during the day and sun/earth rotation during the year.  The angles at which the 
surfaces receive sunlight are critical for the efficiency of a PV system. Sites with larger areas 
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facing south, flat areas, and slopes between 0.2 m/m and 0.4 m/m are more suitable for 
installation of solar harvesting systems. 

� Cap system: In the solar energy interaction with the PV system, it was seen that photovoltaic 
systems follow the most efficient angle by which the sun’s rays strike the solar panel. This 
angle is called the angle of incidence. A good angle of incidence produces more energy. For 
this reason, solar panels have to be tilted to benefit from the best range of the solar incidence. 
The tilted panels must be mounted on foundation systems that can withstand wind loads while 
being compatible with the stability of the cap. 

� Runoff control: Runoff management in landfills is achieved by infiltration of water first 
through a vegetative support layer and then through a soil layer where the water is conveyed 
to surface water ditches and ponds.  Placement of the solar panels on the landfill may affect 
the runoff quantity and patterns.  Control and maintenance of the vegetative cover must be 
evaluated so that suitable vegetative cover that requires less maintenance can be utilized to 
minimize site access. 

V. SOLAR ENERGY CAPTURE SYSTEMS 

Although solar energy is a freely available renewable resource, its utilization to generate electricity 
involves either photovoltaic or solar thermal technologies. 

� Photovoltaic technology: Photovoltaic technology utilizes solar panels consisting of solar 
cells constructed with semiconducting materials such as silicon.  When sunlight hits the panel, 
a chemical reaction (a photovoltaic effect) takes place, resulting in electricity generation.  The 
generated electricity then is collected through proper wiring system. Generally speaking, most 
large-scale solar developments have employed the use of PV systems. PV solar energy 
systems have a number of different attributes that are relevant to installations on landfill caps, 
including energy output ratings and weight characteristics of the different cell types and 
support components available. Both fixed tilt and single and double axis sun-tracking 
mounting structures are available for PV ground installations. Fixed tilt mounting structures 
consist of panels installed at a permanent angle that maximizes receipt of solar radiation 
throughout the year, based on the site’s latitude. 

 

 
Figure 2: Fixed tilt PV solar array at Fort Carson, CO 

� Solar thermal technology: Solar thermal systems collect solar energy through the use of 

mirrors or concentrators to heat a liquid and create steam, which then is used to generate 
electricity. 

VI. PLACEMENT OF SOLAR ENERGY SYSTEMS ON CLOSED LANDFILLS 

Following Table summarizes the potential challenges and remedies at landfill sites for the installation 
of solar panels.  For example, the Tessman Road landfill employed flexible PV laminates side slopes 
(18 degrees) directly attached to an exposed geomembrane cover. In the case of the Pennsauken 
landfill project in New Jersey, shallow precast concrete footings were used to provide a strong 
foundation for the PV system on the sloped surfaces, overcoming complications of side slope 
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installation.  This facility used a ballast foundation with crystalline panels on top for maximum energy 
production.  In general, solar panels are fixed to aluminum or steel frames by using stanchions, and 
the frames are supported by concrete foundations by ballasted frames, concrete slabs, or precast 
concrete footings.  Among these alternatives, concrete slabs are generally heavier than concrete 
footings and ballasted frames. They are also subject to cracks resulting from settlement and may be 
problematic on landfills because of concerns about settlement and side slope stability. Ballast systems 
are the lightest and are preferred for flat surfaces of landfills. Foundation selection depends on factors 
such as the bearing capacity of the soil, landfill settlement, cap depth, and the weight of the PV 
system. . Differential settlement may be a concern with array piers and footings. Ballast systems are 
the lightest and are preferred for flat surfaces of landfills. Foundation selection depends on factors 
such as the bearing capacity of the soil, landfill settlement, cap depth, and the weight of the PV 
system. 
 

Table: 1 Potential Challenges and Remedies at Landfill Sites for Installation of Solar Panels. 

Challenge Impact Potential Remedy Example 

Steep slopes 

Storm water 
Erosion intensity 
High wind loads 
Foundation stability for 
anchoring solar panels 

Flexible PV laminates 
Other lightweight solar systems with 
secure foundations 
Regrading 
Use of soil amendments 

Tessman Road landfill 
Pennsauken landfill 

Cap system and 
final cover 

High maintenance needs 
of cap 
Need for  
regarding   to increase 
thickness of final cover 
Integrity of cap system 

Lightweight, noninvasive foundations 
Ballasted solar platforms and shallow 
footings 

Fort Carson army base 

Settlement 

Uneven surface  
Structural stress at 
settlement areas 
Infiltration and water 
ponding 
Foundation integrity 
Integrity of gas system 
Integrity of leachate 
piping 
Integrity of underground 
utilities 

Fixed tilt mounting structures 
Lightweight shallow footings and ballasts 
Preclosure mitigation 
Geogrid reinforcement 
Selective placement locations (i.e., older 
waste, construction, and demolition 
waste) 

Pennsauken landfill, 
Holmes Road landfill 

High wind and 
snow loads 

System connections 
Foundation stability 

Mounting structures with high 
mechanical load ratings 
Avoidance of side slopes 

 

Cap and site 
maintenance needs 

Settlement surveys 
Gas extraction activities 
Erosion inspections 
Vegetation management 

Placement of solar array around 
monitoring well heads 
Panel height to allow routine landscaping 
needs 
Existing permanent access roads 
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Figure 3: Placement of solar panels on top and sloped surfaces of landfill 

 
Power tower and linear concentrating solar power systems require large areas for optimal operational 
capacity.  Hence, they are best suited for large-scale production plants with a capacity of at least 50 
megawatts (MW).  Large-scale power production capability is also required to optimize linear 
concentrator and power tower solar systems. Among the available concentrating solar power systems, 
dish/engine systems can be used on landfills for smaller-scale production. Currently, PV solar systems 
have been the most commonly used solar energy–harvesting systems that have been implemented and 
tested on landfills.  The technical feasibility of solar energy harvesting on landfills depends on 
compatibility of the PV systems with the existing landfill components. Important design and 
operational compatibility considerations are described below. 

VII. SOLAR SYSTEM WEIGHT AND FOUNDATION CONSIDERATIONS 

The weight of the solar panels and mounting structures selected for a project is of great significance in 
deciding which solar harvesting system to install on a landfill cap. Monocrystalline, polycrystalline, 
and amorphous thin film cells are available with varying weights, efficiency levels, and costs. 
Mounting and foundation structures supporting the solar panels vary depending on the weight of the 
panels, additional loads resulting from wind or snow or ice, side slope stability, and settlement effects. 
Both monocrystalline and polycrystalline panels (rigid panels) require rigid frame mountings to 
prevent cracking.  Because of the output advantage of the rigid panels over thin film panels, rigid 
panels are preferred when there is limited space.  Amorphous (i.e. UniSolar model PVL flexible 
laminate amorphous thin film cells) are generally lighter and lower in cost but have lower efficiency 
for power production per unit area.  These panels are preferred when weight is a concern or there is a 
need to provide a strong foundation because of side slope conditions. These are used on sloped 
surfaces by attaching the PV strips directly to the geomembrane of the landfill cap. Since PV strips 
are capable of producing high output per unit weight and do not require mounting structures or 
foundations, they were used successfully on slope surfaces (18 degrees) at the Tessman Road landfill 
and reduced side slope erosion. Tracking systems weigh more than fixed systems as a result of their 
increased need for mounting structures and foundations. Tracking systems require foundations with 
deeper piers and footings, sometimes supported by precast concrete footings. Deeper piers, if used as 
foundation support, could increase the weight on the landfill, increase settlement, or subject the 
installation to problems with side slope stability. The landfill cap depth needed to support the PV 
system depends on the deadweight loads contributed by the piers and footings.  Selection of a suitable 
PV system depends on the weight of the system (tracking systems are heavier than fixed tilt systems), 
the type of waste and its properties, and side slope stability. In general, flat surfaces have fewer 
foundation requirements than sloped surfaces and are the preferred locations for installing 
heavy crystalline silicon solar cells with suitable foundations (i.e., ballast systems) for maximum 
energy production. For sloped surfaces, lighter panels with strong foundations should be considered 
(precast or poured concrete footings) and generally are preferred. 
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VIII. SHADING EFFECTS IN SOLAR CELL 

Maximum energy generation from solar energy harvesting systems can be achieved by minimizing the 
shading of the panels. Solar system arrays should be placed with adequate spacing so that they do not 
shade one another and to balance the placement of system components (inverters, wiring, and 
combiner boxes). For instance, the Holmes Road landfill adopted a layout of 15 acres/MW to avoid 
shading effects and allow for the necessary balance of system component. 

IX. MAINTAINING THE INTEGRITY OF THE CAP SYSTEM 

Clearing, filling, grading, and compaction activities generally are performed during the development 
of a landfill for PV system installation.  During installation of solar panels, extreme care must be 
taken to avoid damaging the landfill cap or exposing the waste. If the site is heavily vegetated, 
thinning of vegetation may be necessary. Installation of solar systems on landfills requires good 
foundations for system placement, which depends on landfill cap characteristics to support the 
footings. Generally, during the planning stage, it is necessary to consider the cap design and the 
anticipated loads by the PV system and its components.  For most cases, prefabricated concrete piers 
or concrete slabs should be sufficient to support a solar system. Existing or future landfill gas-to-
energy recovery infrastructure also should be considered. An adequate soil layer should exist for 
trenching activities (a minimum of 14 inches of soil is required to trench for electrical line placement) 
with no or minimal impact on clay or geosynthetic liner. If the landfill requires regular top surface 
(cap) maintenance (e.g., mowing of grass), placement of structures high enough for the operation of 
mowing equipment beneath the structures should be considered. Using short grasses for vegetation 
may be preferred to decrease the mowing activities and avoid disturbance to the panels. 

X. ENVIRONMENTAL SUITABILITY 

Environmental considerations for developing closed landfills as power parks include reducing 
greenhouse emissions, encouraging environmental sustainability, bettering the aesthetics of the site, 
and adding a renewable energy system for power production. One of the most important aspects of the 
use of solar systems is the reduction of greenhouse emissions. For each KWh of solar energy installed 
in the United States, about 7.18 × 10-4 metric tons of CO2 are avoided. In the United States, a flat or 
south-facing slope is optimal for solar energy capture.  The solar capture depends on the latitudinal 
location of the site. Placement of panels on sloped surfaces (especially south-facing slopes at higher 
altitudes) can achieve maximum solar radiation and benefit the project.  

XI. SOLAR POWER PARKS AS ROLE MODEL ON CLOSED LANDFILS 

Figure 4: Solar power Parks set up 

Most recently, citizen groups in Colorado’s San Luis Valley have challenged plans for a large solar 
facility and associated power lines, saying that solar facilities should be located closer to the areas 
where the power is used. Redeveloping brownfields in urban areas as renewable power sites could 
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help address such concerns. EPA has met with state and local governments, stakeholders from the 
renewable energy sector and others to get feedback on potential obstacles. A partial answer to this 
dilemma may come from the EPA, which is trying to find ways to use brownfields as sites for 
renewable energy development. Abandoned industrial areas, closed landfills and former gas stations 
polluted by oil are among the locations under consideration. The agency has issued a draft plan that’s 
open for public comment. The draft builds on the work that’s been done with stakeholders since Sept. 
2008. According to the EPA, there is at least anecdotal evidence to suggest that siting projects on 
brownfields can help cut the length of time it takes to get project permitted. Land costs are often 
lower, and there may be less public opposition. Part of the draft plan includes public outreach to show 
communities some of the potential advantages of brown field sites. 

XII. CONCLUSION 

Renewable energy, while viewed similar to any other redevelopment on a contaminated site, has 
practical differences from other types of reuse. Unlike many traditional reuses for contaminated sites, 
renewable energy can be sited on some sites even with cleanup work ongoing. While some at EPA 
have been encouraging this practice, there is no guidance for employees or the public to help them 
decide if this is appropriate at a particular site. Additionally, practical guidance for EPA employees 
and the public on siting renewable energy on previously contaminated sites would also help 
encourage this practice. The strategy of developing clean and renewable energy on formerly 
contaminated lands is a recent and growing movement. Closed landfills in particular encompass 
substantial potential to meet EPA’s Re-Powering America’s Lands Initiative by virtue of their size in 
both absolute numbers and acreage. EPA’s campaign to site renewable energy systems on formerly 
contaminated lands has a number of well-established benefits across various valuation matrices 
(environmental, economic, and socioeconomic).  
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ABSTRACT 

This paper discusses the use of geothermal energy in our electrical power systems. The paper emphasis the 

resource in conjunction with the ways in which geothermal energy is converted into electrical energy. The paper 

also reviews a few geothermal projects in world. Finally a comparative review of renewable energy sources is 

presented. This paper suggested short comes and future prospects for geothermal energy in  

KEYWORDS: geothermal energy, electricity, EGS Technology, geothermal power. 

I. INTRODUCTION 

Geothermal is named comes from two Greek letter “thermal” that means ‘heat’ and “geo" have means 
‘earth’. Renewable energies are provided by natural resources (sunlight, wind, water, and geothermal 
heat) through the use of engineering technologies able to collect the energy and to convert it in a more 
usable form. Geothermal power is extracted from heat stored in the earth. This geothermal energy 
originates from the original formation of the planet, from radioactive decay of minerals, and from 
solar energy absorbed at the surface. Almost everywhere, the shallow ground or upper 3 m of the 
Earth's surface maintains a nearly constant temperature between 10°C and 20°C. Geothermal heat 
pumps can tap into this resource to heat and cool buildings. A geothermal heat pump system consists 
of a heat pump, an air delivery system (ductwork), and a heat exchanger-a system of pipes buried in 
the shallow ground near the building. In the winter, the heat pump removes heat from the heat 
exchanger and pumps it into the indoor air delivery system. In the summer, the process is reversed, 
and the heat pump moves heat from the indoor air into the heat exchanger. The heat removed from the 
indoor air during the summer can also be used to provide a free source of hot water. 

II. BACKGROUND 

Geothermal energy is a well established renewable energy subsector. In 2008, geothermal power 
production exceeded three times that of solar photovoltaics. Current growth is steady, but rather slow. 
While wind and solar photovoltaic are going through periods of accelerating growth, geothermal 
power is developing rather linearly. So far, its deployment has relied mainly on hydrothermal 
resources (hot rock and water) located in special geological settings. There are two main utilization 
categories: power generation and direct use.  
Direct use of geothermal energy means that the thermal energy from underground is used directly as 
heat (or cold), rather than being used to generate electricity. There are significant advantages to 
geothermal energy. Geothermal energy is available around the clock, independent of the time of day 
and night, or of the current climatic conditions. When used to generate electricity, this means that 
geothermal energy is base-load, suited to producing energy at a constant level, in contrast to the 
variable output of wind and solar power, and the peaking output of hydropower and some bio-power. 
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Geothermal energy’s potential is ubiquitous, environmentally friendly and only marginally developed 
[1].  

Geothermal Power 
The geothermal potential of high-temperature resources suitable for electricity generation with 
conventional technologies (steam turbines, binary turbines) is spread rather irregularly and depends on 
the volcanic zones. Geothermal power plants are in operation in 24 countries. This number is expected 
to increase to 35 by 2015. The main producers of geothermal energy are the United States (3.1 GW), 
the Philippines (1.9 GW), Indonesia (1.2 GW) and Mexico (1 GW) (Bertani, 2010). Employment 
trends point of view, geothermal power plants can be operated by a relatively small number of full 
time human resources but require continued involvement by geothermal professionals and technicians 
to maintain the supply of fluid to the surface plant. Many of these people may not be employed full 
time on one project, but may have input into a number of projects as consultants. March 12th, 2010, 
the range in capacities for geothermal power as a renewable energy resource is drastic. The United 
States has roughly 3000 more MWe of geothermal energy available than the Russian Federation, 
which ranks tenth shown on the table 1. 

Table I: Geothermal Power [2]. 
 

 

 

 

 

 

 

Studies of the renewable resource potential indicate an enormous capacity of wind, solar, geothermal, 
tidal, biomass and hydropower. Several renewable technologies have matured in the past decade, and 
growth rates of solar and wind is now at 17% and 24% respectively. The leading companies in these 
two areas today are Shell, BP, Enron and Siemens-- indicating recognition by the energy providers of 
a growing market opportunity. 
The major sources of commercial energy in India are coal and oil. The natural resources for 
commercial energy are limited in the country. It needs no emphasis that rural energy is an important 
component of rural development programme and needs proper consideration in the renewable energy 
sector policy of the country. It is in this context, international cooperation for the purposes of survey, 
formulation, installation, monitoring & evaluation is called for, to take up the renewable energy 
programmes in a systematic manner in India. It is also required that energy data/ information which 
are not being collected at present, may be planned in the next census or alternatively special energy 
survey can be undertaken even by creating a separate agency in this regard. For this Govemment of 
India’s approval will be required. There is no doubt that we should first be clear about the availability 
of various resources for practical utilization to the feasible extent within our own limited financial 
ability to execute the same and do some service to the human kind in a manner most acceptable to 
them for their own good [3]. 

III. GEOTHERMAL ENERGY 

The centre of the Earth is around 6000 degrees Celsius - easily hot enough to melt rock. Even a few 
kilometres down, the temperature can be over 250 degrees Celsius if the Earth's crust is thin. In 
general, the temperature rises one degree Celsius for every 30 - 50 meters you go down, but this does 
vary depending on location in volcanic areas, molten rock can be very close to the surface. Sometimes 

Sr. No. Country Power 
1 United States   3153.0 MW 
2  Philippines   2195.3 MW 
3 Indonesia   1132.0 MW 
4 Mexico     965.0 MW 
5  Italy     810.0 MW 
6 New Zealand     577.0 MW 
7 Japan     535.0 MW 
8 Kenya     169.0 MW 
9 Turkey       83.0 MW 
10 Russian Federation       81.0 MW 
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we can use that heat. Geothermal energy has been used for thousands of years in some countries for 
cooking and heating [4].                  
Geothermal energy, that is the long term availability and the large extent of heat contained in the 
Earth’s interior, usually considered as clean and renewable sources on the timescales of technological 
system is most extensively used worldwide as an effective source for a sustainable supply of energy, 
because the recovery of high-enthalpy reservoirs would fully recover to its pre-exploitation state after 
an extended shutdown period or even at the same site from which the fluid or heat is extracted in 
almost all geothermal projects worldwide [15]. Moreover, the environmental impacts of geothermal 
power generation and direct use are generally minor, controllable, or negligible [16]. 
Geothermal resources include dry steam, hot water, hot dry rock, magma, and ambient ground heat. 
Steam and water resources have been developed commercially for power generation and ambient 
ground heat is used commercially in geothermal heat pumps; methods of tapping the other resources 
are being studied. Research centers on lowering costs, improving methods for finding and 
characterizing reservoirs, and tapping broader resources [5], [6]. The Geysers steam power plant in 
California is the oldest and largest geothermal power plant in the world, with a capacity of 2000 MW. 
Hot-water plants have been developed more recently and are now the major source of geothermal 
power in the world. Total U.S. capacity is about 2800 MW, enough electricity for 3 million people, at 
a cost of $0.05–$0.08/kW h. Hot water from geothermal resources is also used directly to provide heat 
for industrial processes, dry crops, or heat buildings, for a total U.S. capacity of about 500 thermal 
MW. Many developing countries have geothermal resources, and continue to be an attractive market 
[7]. Geothermal heat pumps do not generate electricity, but they reduce the consumption of electricity 
by using heat exchangers and the constant temperature of the earth several feet under the ground to 
heat or cool indoor air. The market for geothermal heat pumps has been growing rapidly and 
expectations are that they will soon reach the level of installation on more than 400 000 homes and 
commercial buildings per year [8], [9]. 
Available energy resources in the world are large, and energy shortage is not expected in the foreseen 
future. On the other hand, most (86 %) of the energy used in the world at present is coming from 
finite energy resources, whereas renewable energy sources are more 
suitable for sustainable development. The highest share of the use of renewable energy resources is in 
Iceland, where renewable energy resources comprise 70% of the primary energy resources and 30% is 
coming from fossil fuels. This unique position has been achieved by an extensive and advanced use of 
geothermal energy in Iceland. On the worldwide basis, geothermal energy is considered to have the 
largest technical potential of the renewable energy sources. Furthermore, the production price of 
geothermal energy is favorable as compared to all other energy sources [10]. 
India's geothermal energy installed capacity is experimental. Commercial use is insignificant. India 
has potential resources to harvest geothermal energy. The resource map for India has been grouped 
into six geothermal provinces [11]. 
Himalayan Province – Tertiary Orogenic belt with Tertiary magmatism 
Areas of Faulted blocks – Aravalli belt, Naga-Lushi, West coast regions and Son-Narmada lineament. 
Volcanic arc – Andaman and Nicobar arc. 
Deep sedimentary basin of Tertiary age such as Cambay basin in Gujarat. 
Radioactive Province – Surajkund, Hazaribagh, Jharkhand. 
Cratonic province – Peninsular India 
India has about 340 hot springs spread over the country. Of this, 62 are distributed along the 
northwest Himalaya, in the States of Jammu and Kashmir, Himachal Pradesh and Uttarakhand. They 
are found concentrated along a 30-50-km wide thermal band mostly along the river valleys. Naga-
Lusai and West Coast Provinces manifest a series of thermal springs. Andaman and Nicobar arc is the 
only place in India where volcanic activity, a continuation of the Indonesian geothermal fields, and 
can be good potential sites for geothermal energy. Cambay graben geothermal belt is 200 km long and 
50 km wide with Tertiary sediments. Thermal springs have been reported from the belt although they 
are not of very high temperature and discharge. During oil and gas drilling in this area, in recent 
times, high subsurface temperature and thermal fluid have been reported in deep drill wells in depth 
ranges of 1.7 to 1.9 km. Steam blowout have also been reported in the drill holes in depth range of 1.5 
to 3.4 km. The thermal springs in India's peninsular region are more related to the faults, which allow 
down circulation of meteoric water to considerable depths. The circulating water acquires heat from 
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the normal thermal gradient in the area, and depending upon local condition, emerges out at suitable 
localities. The area includes Aravalli range, Son-Narmada-Tapti lineament, Godavari and Mahanadi 
valleys and South Cratonic Belts [12]. 
In a December 2011 report, India identified six most promising geothermal sites for the development 
of geothermal energy. These are, in decreasing order of potential: 

• Tattapani in Chhattisgarh 

• Puga in Jammu & Kashmir 

• Cambay Graben in Gujarat 

• Manikaran in Himachal Pradesh 

• Surajkund in Jharkhand 

• Chhumathang in Jammu & Kashmir 
India plans to set up its first geothermal power plant, with 2–5 MW capacity at Puga in Jammu and 
Kashmir [12]. 
Geothermal energy resources 

There are four major types of geothermal energy resources. 

• Hydrothermal 

• Geopressurised brines 

• Hot dry rocks 

• Magma [20] 

IV. ELECTRICITY FROM GEOTHERMAL 

Geothermal power projects convert the energy contained in hot rock into electricity by using water to 
absorb heat from the rock and transport it to the earth’s surface, where it is converted to electrical 
energy through turbine-generators. Water from high-temperature (>240 °C) reservoirs is partially 
flashed to steam, and heat is converted to mechanical energy by passing steam through low-pressure 
steam turbines. A small fraction of geothermal generation worldwide is generated using a heat 
exchanger and secondary working fluid to drive the turbine. The geothermal process diagram in 
Figure 11 shows the production wells, separator, scrubber, turbine, condenser, and cooling tower. 
After being separated from steam, brine is injected back into the reservoir. Steam is piped to the plant 
where it passes through a scrubber before entering the turbine, and it is then condensed. Condensed 
steam is used in the cooling towers, where roughly 80% evaporates and the remainder is injected back 
into the reservoir. Exploitable geothermal reservoirs exist in high- temperature, highly permeable, 
fluid-filled rock within the earth’s upper crust, typically in areas associated with young volcanic 
rocks. Driven by heat loss from underlying magma, hot fluids rise along pre-existing zones of high 
permeability. The buoyant up-flowing fluids enhance the permeability of the rocks through which 
they are flowing by chemical leaching and by explosive boiling. 

 
Fig.1: Geothermal Process 
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If the system becomes large enough and has high enough permeability, it has the potential to be a 
commercial grade geothermal reservoir with temperatures typically in the range of 240 to 320 ºC. The 
current drilling technology can exploit geothermal reservoirs economically in the depth range of 500 
to 3,000 m. [13]. 
Renewable Energy Sources Scenario 

In this scenario, a geographic mapping of renewable energy sources, as solar, wind, geothermal, 
hydro, ocean and bioenergy, is mandatory in order to understand and manage the potential 
exploitation of these resources. Deserts can provide solar energy on an enormous scale, while coasts 
in the temperate zones offer huge potential for wind energy. On the other hand, great geothermal 
energy resources are located along the circum-Pacific “Ring of Fire”, while mountainous countries 
with sufficient rainfall offer high potential for hydropower. Subtropical regions instead represent a 
great potential for bioenergy. The technical potential for the utilization of renewable energy is nearly 
20 times greater than current global energy demand. Yet, today renewable energy only provides 17% 
of the world's primary energy needs and traditional renewable energy use (biomass and large hydro) 
make up the greater share (9% and 5.7%, respectively). New renewable such as wind and solar 
provide only 2% of total global primary energy consumption. In particular, in the last years, many 
wind farms have been built in complex terrains, offshore, forests, and at high levels in the atmosphere. 
Marketing of large, multi-MW wind turbines is in continued growth. At the same time our basic 
knowledge on winds in these challenging environments is inadequate [14]. 
Indian Scenario 

India has reasonably good potential for geothermal; the potential geothermal provinces can 
produce 10,600 MW of power. 
Though India has been one of the earliest countries to begin geothermal projects way back in the 
1970s, but at present there are no operational geothermal plants in India. There is also no installed 
geothermal electricity generating capacity as of now and only direct uses (eg.Drying) have been 
detailed. 
Thermax, a capital goods manufacturer based in Pune, has entered an agreement with Icelandic firm 
Reykjavík Geothermal. Thermax is planning to set up a 3 MW pilot project in Puga Valley, Ladakh 
(Jammu & Kashmir). Reykjavík Geothermal will assist Thermax in exploration and drilling of the 
site. 
India’s Gujarat state is drafting a policy to promote geothermal energy [20] 
Potential Geothermal regions/sources in India 

With India’s geothermal power potential of 10,600 MW, the following are the potential sources/ 
regions where geothermal energy can be harnessed in India shown in table 2. 

Table II : Potential Sources/Regions [20]. 

Province 
Surface 

Temp 
0
C 

Reservoir 

Temp 
0
C 

Heat 

Flow 

Thermal 

gradient 

Himalaya >90 260 468 100 

Cambay 40-90 150-175 80-93 70 

West Coast 46-72 102-137 75-129 47-59 

Sonata 60-95 105-217 120-290 60-90 

Godavari 50-60 175-215 93-104 60 

List of Geothermal Energy Companies in India – 

• Panx Geothermal 

• LNJ Bhilwara 

• Tata Power 

• Thermax 

• NTPC 

• Avin Energy Systems 

• GeoSyndicate Power Private Limited [17]. 
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Alternative Geothermal Energy Uses  

Besides power resources, geothermal energy can be harnessed for other means as well. Thanks to 
geothermal water, there are natural hot springs all over the world and many people enjoy the warm 
waters and its restorative effects. Geothermal water can also be beneficial for growing agricultural 
products in a greenhouse within a cold or icy climate. Geothermal waters can be harnessed to create 
space heating in buildings or even to keep streets and sidewalks warm enough to prevent icing over. 
Several cities have actually used geothermal energy in this unique manner. 

Future of Geothermal Energy  

Because geothermal energy is reliable and renewable, this alternative power source will start to enjoy 
more growth. However, just remember that geothermal energy will not necessarily be available in 
many areas due to its volatile needs. Areas like California, Iceland, Hawaii and Japan are just a few 
places where geothermal energy is being used, many due to earthquakes and the underground volcanic 
activity[18],[19]. From the long-term perspective, it is necessary for Japan to start studying electricity 
generation with enhanced geothermal systems (EGS), which the United States and Australia have 
already started researching. In the end, there are high expectations that geothermal energy will again 
come into the spotlight. 

EGS Technology 

The EGS concept is to extract heat by creating a subsurface fracture system in the hot constituent rock 
to which water can be added through injection wells. Rocks are permeable due to minute fractures and 
pore spaces between mineral grains. EGS are reservoirs created to improve the economics of 
resources without adequate water and permeability. Enhanced geothermal system (EGS) reservoir 
performance is controlled by the interplay of a complex set of parameters: reservoir, geologic, 
drilling, well completion, plant design, and operation.  
Some of the EGS resource resides in the sedimentary section, however. In general, as depth and 
temperature increase, the permeability and porosity of the rocks decreases. So, at depths of 3+ km and 
temperatures of 150+°C, the rocks are similar to basement in permeability and porosity. In many areas 
of the country, there is extensive drilling for gas at depths where temperatures are well within the 
EGS range because the gas deadline is on the order of 200+°C. In many of these areas, the rocks are 
“tight” and must be fractured to produce commercial quantities of gas (Holditch, 2006). In fact, much 
of the gas resource remaining in the United States is related to these types of formations. Examples 
are the Cretaceous sandstones in the Pieance Basin, Colorado (Mesa Verde and Wasatch Formations), 
and the East Texas Jurassic section (Bossier, etc.). These sandstones are “granitic” in bulk 
composition but still have some intrinsic porosity and permeability. Modeling by Nalla and Shook 
(2004) indicated that even a small amount of intrinsic porosity and permeability increases the 
efficiency of heat extraction, so that these types of rocks may be better EGS hosts than true granite. 
Thus, there is a natural progression path from the deep hot gas reservoir stimulation and production to 
EGS reservoir development in both technology and location. It seems likely that these areas might be 
developed early in the EGS history, because of the lower reservoir risk than in unknown or poorly 
known basement settings. To extract thermal energy, it is required to drill to depths where the rock 
temperatures are sufficiently high to justify investment in the heat-mining project. With the 
impending commercialization of Enhanced Geothermal System (EGS), geothermal energy could be 
harnessed everywhere in the world and no longer be limited to a few selected areas [21]. 

V. CONCLUSION 

Renewable energy technologies offer the promise of clean, abundant energy gathered from self-
renewing resources such as the sun, wind, earth, and plants. Virtually all regions of the United States 
and the world have renewable resources of one type or another. Each of the renewable energy 
technologies is in a different stage of research, development, and commercialization and all have 
differences in current and future expected costs, current industrial base, resource availability, and 
potential impact on greenhouse gas emissions. At present, the scale of geothermal power industry is 
small because of the limitation of easily exploitable high temperature geothermal resources, therefore, 
the development of geothermal resources have to be primarily focused on utilization of ground source 
heat pumps which can make good use of the enormous low temperature geothermal resources. 
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Though the quality cannot compete with other kinds of renewable energy, geothermal energy would 
still have strong competition, if the utilization efficiency and cost could be made great progress. In 
view of the future development trends, geothermal energy will remain a higher growth rate than that 
of fossil energy for a long time, and the proportion in energy consumption will further increase, but it 
would not be of reality looking forward to alternate fossil energy in large scale. Geothermal energy is 
a kind of “heat-embedded” energy, and can be used directly without conversion, better than other 
types of renewable energy in some extent. In certain cases, geothermal energy is more convenient to 
use, and would become an effective “compliment” energy for other types of energy. When renewable 
energy sources are used, the demand for fossil fuels is reduced.  
There is significant scope for developing geothermal energy resources in India and other renewable 
energy has the potential to provide sufficient electricity to meet all of India’s domestic electricity 
requirements. As to support the green technology programmed, the government has plan many 
incentives to the development by implemented the project by geothermal based energy. The 
improvement of developing the geothermal energy can encourage the energy sectors of economy in 
this country. According to this study, there are still have a limit that are could be improved for further 
study. Therefore, there are several recommendations that can be performed to enhance renewable 
energy development. Firstly, Analyze widely about the potential of other renewable energy such as 
hydro, geothermal and etc. so that there will be a lot of data and information would be gathered for the 
future used. Finally, latest policies and funding mechanisms will be required to sustain and promote 
renewable energy investment. 
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ABSTRACT 

Increasingly stringent emissions regulations and environmental concerns have caused interest in the 

development of alternative fuels for internal combustion engines. Recently biobutanol, bioethanol and biodiesel 

emerged as an alternative fuels due to their oxygenated nature. This paper investigates the physical stability of 

ethanol-diesel blends using Jatropha oil methyl esters and enerdiesel emulsifier as additives, subsequently 

analysis of physico-chemical properties. Furthermore, experimental tests were carried out to study the 

performance (fuel consumption, thermal efficiency, exhaust gas temperature) and emissions (CO, NOx, HC and 

smoke) of Direct Injection (DI) engine fuelled with the various blends compared with those fuelled by diesel. 

The blends used for this study were B0D95E5, B0D90E10, B15D70E15 and B20D60E20. It is revealed from the 

observations that the test fuel blends are physically and thermally stable upto 17 days at room temperature. The 

physico-chemical properties of the all blends show good resemblance with that of diesel except the flash point. 

The performance results show that B0D95E5 fuel blend has maximum brake thermal efficiency and minimum 

Brake Specific Fuel Consumption (bsfc) at higher loads. Similarly, the overall emission characteristics are 

found to be best for the case of B0D90E10 over the entire range of engine operations. 

KEYWORDS: Ethanol, Biodiesel, Jatropha oil.  

I. INTRODUCTION 

Energy crisis and environmental degradation are two major challenges on which considerable efforts 
has given recently. Fossil fuels are being used as a major source of energy now days. Combustion of 
fossil fuels also contributes in higher environmental pollution. Therefore, urgent attention has given 
to search alternate fuels and transportation. Promising alternate fuels for Internal Combustion (I.C.) 
engines are biodiesel, bio-ethanol, methanol, biogas, producer gas etc. 
Experimental research has been done on various blends of gasoline and ethanol, and results have 
shown that 7.5% addition of ethanol was the best suitable for SI engine with reduced CO emission 
[1]. Recently Environmental Protection Agency (EPA), USA, came out with legal mandate for 15% 
ethanol in diesel, however no single engine manufacturer approve more than 10 % ethanol. 
Nevertheless, at the end of last quarter of nineteenth century, possibility of ethanol –diesel blending 
also initiated and researcher start putting efforts to come out with technical acceptance of E-diesel. 
Using E-diesel has so many advantages, it reduces pollutants emission from the tail of automobiles, 
creates employment opportunity, eases burden of importing crude oil. 
Long term endurance and durability (500 hrs) tests were conducted with Cummins 5.9 liters engine 
[2] of using fossil diesel and a diesel/ethanol blend (15% ethanol, PEC additive). Power loss was less 
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than 10% was reported. Moreover, henceforth researcher examined [3] on the same engine reported 
that the torque output from two blends containing 10% and 15% ethanol results in an approximate 8% 
reduction for both fuel blends. Some problems, like poor engine performance, may arise at higher 
blending ratios e.g. if ethanol content exceeds 10%. At the same time the stability of blends decreases 
if ethanol exceeds more than 10%, therefore in the present investigation biodiesel is used as a solvent 
to keep emulsion stable at different temperature. Biodiesel is prepared in our biodiesel research 
laboratory at University of Petroleum & Energy Studies. Biodiesel alone have some concern like the 
large molecular size of the component triglycerides leading to viscosity than that of mineral diesel. 
Viscosity affects the handling of the fuels by pump and injector system, and the shape of fuel spray. 
The high jet penetration and poor atomization results in larger droplets. The fuel jet tends to be a solid 
stream instead of spray of small droplets hence the fuel does not get mixed with air required for 
burning. Larger droplets have poor combustion leading to loss of engine power and fuel economy. In 
small engines, the fuel spray may even impinge upon the cylinder walls, washing away the lubricating 
oil film and causing the dilution of crank case oil leading to excessive wear of moving parts. 
Butanol was used as an additive to evaluate the performance and emission characteristics of diesel 
ethanol blend in Compression Ignition engine [4]. It has been reported that the thermal efficiencies of 
the engine fuelled by the blends were comparable when fuelled by diesel ethanol and their blends. It 
was observed that the smoke emissions from the engine fuelled by the blends were all lower than that 
fuelled by diesel. The carbon monoxide (CO) were reduced to 50% at above loads, the hydrocarbon 
(HC) emissions were all higher except at high loads; the nitrogen oxides (NOx) emissions were 
different for different loads and blends. 
T. Krishnaswamy and his co-workers [5] studied with three oxygenated blend fuel designs containing 
volumes of 15% ethanol with cetane improver additive, 10% ethanol with 10% biodiesel and 15% 
ethanol with 20% biodiesel. The phase separation of blends is prevented by adding co solvents like 
Tetrahydrafuran and bio diesel. 
An experimental work was conducted to investigate the phase stability of ethanol- diesel and ethanol-
diesel-biodiesel blends [6]. The results revealed that the E-Diesel blends containing 20%, 15%, 10% 
and 5% ethanol are not stable and phase separation were take place after  2, 5, 24 and 80 hours 
respectively. Whereas for ethanol –biodiesel- diesel blends the separation time is longer than E-diesel 
and it is found that phase separation was delayed upto 1, 3 and 9 days for 20%, 15%, 10% ethanol 
concentration, respectively . 
Since biodiesel is derived from vegetable oils or animal fats made up of esters, these vegetable oils 
are renewable biological sources. It has been reported that they emit substantially lower quantity of 
harmful pollutants compare to conventional diesel, Researchers also found that comparable engine 
performance with diesel was achieved at relatively lower emission [7,8].  The merits of using 
biodiesel instead of conventional diesel are has comparable energy density, cetane number, heat of 
vapourization, and stoichiometirc air /fuel ratio [9]. Biodiesel is also non-toxic and rate of 
biodegradation is much faster than conventional diesel. Green house gases effects were least in case 
of biodiesel [10,11].  
Experimental work done on four strokes DI diesel engine fuelled with blends of diesel-rapeseed 
methyl ester-ethanol and base fuel diesel. Tests were conducted on different speeds (1400, 1800 and 
2200 rev/min) and loads. It was found that, for all the blends the thermal efficiency was improved and 
emissions were reduced except HC compared with diesel [12]. 
Dhandapani Kannan and his co-workers examined phase stability and performance and emissions of 
ethanol- diesel- biodiesel blends at various proportions in constant speed four stroke single cylinder 
DI engine. The volumetric proportions of ethanol –diesel –biodiesel (E:D:B) studied were 5:95:0, 
5:75:20, 5:55:40, 5:35:60, 5:15:80 and 5:0:95. Results revealed that maximum in-cylinder peak 
pressure, cumulative heat release (CHR), rate of heat release (ROHR), in-cylinder peak temperature 
and combustion duration was increased as compared to base fuel diesel. Regarding emission 
characteristics they observed significant reduction in smoke, carbon monoxide (CO) and total 
hydrocarbon (THC) emissions with extended oxygen mass percentage in the fuel at higher engine 
loads. However, oxides of nitrogen (NOx) emissions is found to increase at high loads [13].  
The objectives of this research work to examine phase stability of various blends of E-diesel fuel 
using Jatropha oil methyl ester and enerdiesel emulsifier as additives. Henceforth, the physico-
chemical analysis of various blends was carried out in the laboratory. Secondly, to investigate the 
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performance and emissions of four stroke single cylinder DI engine fuelled with blends (B0D95E5, 
B0D90E10, B15D70E15 and B20D60E20) at varying loads. The engine which is used for the study 
was constant speed water cooled DI engine has rated power 5 hp. To improve the repeatability same 
blends were tested 3 to 4 times and average of all the results recorded for reporting.  

II. METHODOLOGY 

2.1 EXPERIMENTAL TEST SET-UP  

Kirloskar make single cylinder four stroke water cooled engine was used in the present study. The 
detailed specification of the engine is shown in table 1. The schematic diagram of the experimental set 
up is shown in Fig.1. The experimental set up consists of engine, dynamometer, load cell and 
temperature sensors etc.  Eddy current-dynamometer was used for engine loading. A fuel 
Consumption meter, DP transmitter, Range 0-500 mm WC, is used for measuring the specific fuel 
consumptions of the engine. Combustion pressure sensor, Piezoelectric Pressure transducer is used, 
Range 5000 PSI, with low noise cable, make from kistler, power unit is Make-Cuadra, Model AX-
409. Real time data acquisition is done with the help of EngineSoftLV is Labview based software 
package developed Lucidbit technology Pvt. Ltd 
Exhaust gas analyser was used for measuring the emissions of CO, HC, and NOx from the engine; the 
model is AVL DiGas 444, made by Austria AVL Company. A Smoke meter, model 437C, made by 
AVL Gurgaon, is used for measuring the smoke emission from engine. Exhaust gas emissions 
recorded were: CO in % vol, unburned hydrocarbons (UBHC) in parts per million (PPM), and oxides 
of nitrogen (NOX) in PPM by using gas analyzer. Opacity of the smoke in the exhaust was measured 
in % by using smoke meter. 

Table 1: Specifications of the variable compression ratio engine.  

Table 2: Test Fuel Nomenclature 

 

General details  4-Stroke, water cooled, variable compression ratio engine, CI engine  

Rated power  3 .7 kW 

Speed  1500 rpm (constant) 

Number of cylinder  Single cylinder 

Compression ratio  12:1–18:1 (variable) 

Bore  80 mm 

Stroke  110 mm 

BOD95E5  5% ethanol + 95% diesel+ 0.7 % additive 

BOD90E10  10% ethanol + 90% diesel+1 % additive  

B15D70E15 15% Biodiesel +15 % Ethanol + 70% diesel+1 % additive  

B20D60E20 20% Biodiesel + 20 % Ethanol + 60% Diesel+1 % additive  
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2.2 THE EXPERIMENTAL PROCEDURE 
The experimental procedure includes preparation of biodiesel, study of the stability of blends, 
measurement of physico-chemical analysis as per ASTM/BIS and engine performance emission 
studies. The detailed procedure is discussed below.  

2.2.1.  Preparation of biodiesel  

The biodiesel is produced by the transesterification, i.e., the reaction of a triglyceride (Jatropha seed 
oil) with a alcohol to form esters and glycerol. The reaction was carried out in one liter batch reactor 

 

 

Fig. 1 Schematic of Test Set-up 

Fig. 2 Variable compression ratio engine test bench  
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using potassium hydro-oxide as a catalyst and methanol as an alcohol. The alkali KOH 1 % by weight 
is used for this purpose. The reaction results in monoalkyl esters and glycerol. The glycerol is then 
removed by gravity separation and remaining ester is washed with hot water for separation of excess 
catalyst and remaining glycerol. Moreover it leads to increase moisture content in the solution. 
Moisture was removed using silica gel; the resulting biodiesel was filtered with the help of filter paper 
of 11 micron.  

2.2.2.  Tests of the solubility of the blends & Physico-chemical analysis 

The properties of diesel, ethanol and biodiesel are shown in Table 3. The purity of the ethanol used is 
of 99.9%. A series of tests was performed to observe the solubility of ethanol and diesel with the help 
of additive and biodiesel. Diesel, ethanol and biodiesel were mixed into a homogenous blend in a 
container by stirring it. The blend was kept in cylindrical glass container to study the solubility and 
phase stability. The low volume percentage, i.e., 5 and 10  of ethanol is easily miscible and found to 
be stable as much as 7 to 17 days but higher concentration of ethanol with diesel is not stable for 
longer period of time. Phase separation was takes place soon after stirring. To overcome this problem 
biodiesel is added in equal proportion to the ethanol. As shown in fig 3, the test results of the 
solubility and the physical stability of the blends. Fig 3a shows the condition when diesel, ethanol, 
biodiesel and additive added into a containers. In case of ethanol and diesel blend, it was clearly 
visible that they were stratified into two layers, whereas diesel, ethanol and biodiesel were relatively 
miscible and not had any clearly visible interface.  Fig 3b shows the status when the blend were 
formed after magnetic stirring. The volume percentages tested were 5%, 10%, ethanol with diesel 
(0.7% and 1% additive respectively) and 15% and 20% of ethanol with equal amount of biodiesel and 
diesel (1% additive in each). They were named as B0E5D95, B0E10D90, B15D70E15 and 
B20D60E20. The additive is supplied by Energenics Pte. Ltd. Singapore. The suitability of blends 
selected was justified by measuring different physico-chemical properties as depicted in table 3. The 
entire test was carried out as per ASTM standards. However it is worth noting that considerable loss 
of calorific value due to addition of ethanol in diesel is compensated by using biodiesel.    
For comparison, the experimental plan for the engine tests were designed to run at constant speed of 
1500 rev/min (rated power speed) at fixed compression ratio of 18.There were no changes for the 
engine running parameters. The whole experimental plan was realized in two stages: (i) running 
engine with diesel; and (ii) running engine with the blends. Each test was repeated three times to 
make sure the data were reliable.  

BOD95E5 BOD90E10 B15D70E15 B20D60E20 

  

  

Fig 3a: Shows the stratified blends immediate after adding ethanol, biodiesel with diesel 
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Table 3: Physico-chemical analysis of fuels 

 

III. RESULT AND DISCUSSION  

3.1 Effect of fuel blends on brake thermal efficiency  

The results of the thermal efficiencies of engine with the load are shown in Fig. 4.  As it was 
expected, the engine efficiency decreases for fuel blends, similar trend is being observed in case of 
brake specific fuel consumption. The engine efficiency decreases between 0.10 % and 13.5 %, highest 
reduction in efficiency is found in B0D90E10 fuel. However, the reduction in efficiency is more 
prominent at higher loads; at low and medium loads efficiency is comparable with diesel. 

 

    

Fig 3b: Homogeneous blend after magnetic stirring 

Properties Diesel Biodiesel Ethanol B0D95 
-E5 

B0D90 
-E10 

B15D70-
E15 

B20D60 
-E20 

Diesel Content 
(%vol) 

100 0 0 95 90 70 60 

Biodiesel Content 
(%vol) 

0 100 0 0 0 15 20 

Ethanol 
Content(%vol) 

0 0 100 5 10 15 20 

Density at 150 C ( 
Kg/m3) 

843 890 794.85 836 833 838 838 

Viscosity at 400C ( 
c P) 

2.48 4.45 1.86 2.24 2.47 2.57 2.81 

Flash Point (0C) 50 145 13.8 17.3 16.5 15.0 14.2 

Calorific Value ( 
kJ/kg) 

45000 35400 26400 43580 43053 41263 38840 
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3.2 Effect of fuel blends on brake specific fuel consumption  

The results of brake specific fuel consumption (bsfc) related to engine load are presented in Fig.5 the 
brake specific fuel consumption is greater at smaller loads, but it decreases at medium and higher 
loads. It was expected from the heating value of various blends, the bsfc increases with increasing 
oxygenate content. The sequence is D100, B0D95E5, B0D90E10, B15D70E15 and B20D60E20; 
being the same at all engine loads, maintain the increasing sequence of biofuel content. The increase 
is higher at small loads (5.7%, 7.6%, 8.8% and 9.5 %) respectively, the highest variation is found for 
B20D60E20 (22.2%) at medium load. At high load the values are comparable with that of diesel.  
 

 
 

Fig. 4 Variation of brake thermal efficiency with load (brake power) 

Fig. 5 Variation of bsfc with load (brake power) 
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3.3 Effect of fuel blends/load on NOx emissions analysis 

The NOx emissions are the major part of pollutants emitted from the CI engines. Nitric oxide (NO) 
and nitrogen dioxide (NO2) are the oxides of nitrogen found in exhaust emissions. The NOx formation 
majorly depends upon the in-cylinder temperature, the oxygen concentration and residence time for 
the reaction to take place [14] 
The test results for the NOx emission from the engine are shown in Fig.6. NOX level increase with 
increase in engine loads for both diesel and various blends. This is due to more fuel was injected and 
combusted in the cylinder when engine load increased, which cause higher gas temperature and 
resulted in more NOx formation in the engine cylinder and then higher NOx emission from the 
engine. This proves that one of most important factors for the emissions of NOx is combustion 
temperature in the engine cylinder.   It is observed that the presence of oxygenated components and 
biodiesel in the studied fuels at small loads has a minimal influence on the NOx emission level, very 
small reduction can be seen very clearly. The NOx emissions were reduced at low loads when fuelled 
by blended fuels; this is possibly due to two reasons: one is that the evaporation of ethanol in the 
blends B0D95E5 and B0D90E10, after being injected into the combustion chamber, cause the lower 
gas temperature in the cylinder (ethanol has higher latent of vaporization 840kJ/kg, compared with 
that of  270 kJ/kg for diesel and biodiesel of 240kJ/kg ), and the temperature was also lower after 
combusted; this caused less NOx formation and it has an obvious effect when less fuel was injected 
into the engine cylinder at low engine loads; anther is that the lower calorific value of ethanol , 
biodiesel and its blends, which cause lower combustion temperature as can be seen from the Fig.6 
The NOx emissions for diesel fuel are 50% higher than that of B0D90E10 fuel blends lower load 
range. During medium load range, the NOx emission of diesel is 84% more than the B0D90E10 fuel 
blend. For high load range, the NOx emission of diesel is 34% more than the B0D95E5 fuel blend at 
higher loads. 

 
 

 

3.4 Effect of fuel blends/load on CO emissions  
CO emission is toxic and must be controlled. It is an intermediate product in the combustion of a HC 
fuel, so its emission results from incomplete combustion. Emission of CO is therefore greatly 
dependent on the air-fuel ratio relative to the stoichiometric properties. Rich combustion invariably 
produces CO and emission increase nearly linearly with the deviation from the stoichiometric [15]. 
The experimental results of CO emission are shown in Fig.7. It is observed that at higher loads 
emissions for diesel fuel is highest compared to all the blends and the lowest for B0D90E10. 
Moreover, compared to all four blends it has maximum ethanol content and it promote better 
combustion because of ethanol. As per the results the lowest CO emission is from the B0D90E10 fuel 
which is compared with the diesel fuel represents a reduction of 40 %. At higher load CO emission 

Fig. 6 Variation of NOx emissions with load (brake power) 
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fluctuates in small range. The high level of oxygen content in the ethanol and biodiesel sustain the 
oxidation process. 

 

 
 

 

3.4. Effect of fuel blends/load on HC emission analysis  

The HC emission variation with engine loads for the analysed fuels is shown in Fig. 8. HC emissions 
showed negative trends with load, all the blends and pure diesel HC emission decreases with increase 
in loads. It can be noticed that the HC emission for B0D90E10 is showed a drop in the range of 32% 
to 40%. Also, for B0D95E5 it drops by 20% to 25% as compared to base fuel diesel. During medium 
and high loads HC emissions increased in the range 45-47 % and 27-32 % for B15D70E15 and 
B20D60E20 respectively.   

 

 
 

 

3.5. Effect of fuel blends/load on Smoke opacity 

Fig. 7 Variation of CO emission with load (brake power) 

Fig. 8 Variation of HC emissions with load (brake power) 
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The degree to which the visibility or passage of light is reduced by the smoke is called the smoke 
opacity. In context of diesel emissions, the more smoke in exhaust will have the more opacity and 
vice-versa. Opacity is increased due to the increased density of smoke particles in the exhaust. The 
particles restrict the light passing through them, which causes the opacity. 
The variation of smoke opacity with load is shown in Fig. 9. The smoke opacity for the pure diesel 
fuel is 40% less than the smoke opacity of B15D70E15 fuel blend, for small loads. However at 
medium loads, the smoke opacity of the B0D95E5 fuel blend is 52.5% less than that of pure diesel 
fuel. Also, at higher load range, the smoke opacity of B0D95E5 fuel blend is 72% less than that of 
pure diesel. 

 

 

3.6.  Effect of fuel blends/load on Exhaust gas temperature  

The exhaust gas temperature affects the NOx emission directly, because the higher temperature 
facilitates the formation of NOx.  Fig10 shows an increasing trend of exhaust gas temperature, which 
is in line with NOx emission trend and it is shown in Fig.6.  
It is seen from Fig. 10 that there is a little difference in the exhaust gas temperature of pure diesel and 
various blends during higher and medium loads.  The exhaust gas temperature of diesel is 14% more 
than that of the B0D90E10 blends at higher loads. 

 

 

Fig. 9 Variation of smoke opacity with load (brake power) 
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IV. CONCLUSIONS  

The experimental study was conducted concerning phase stability of various blends at room 
temperature and analysis of their physico-chemical properties. The effects of these fuel blends on the 
engine performance and emissions were compared with diesel. The tests blends were from 5% -20% 
Ethanol and 15%-20% Biodiesel by volume.  The engine was operated on constant speed at 1500 
rev/min and varying loads. From the experimental results following conclusions were drawn 

• The fuel blends with lower concentration of ethanol (i.e., 5%-10%) with diesel were found stable 
after the addition of emulsifier (0.7% and 1%). However, the fuel blends with higher percentage 
of ethanol (i.e., 15% -20%) separated soon and need co-solvent, i.e., biodiesel to avoid phase 
separation.   

• The physico-chemical analysis of the blends shows that examined fuel blends have less calorific 
value than those of base fuel diesel. Also, the viscosity of base fuel diesel is less than those of 
diesel-biodiesel-ethanol blends, but more than those of diesel-ethanol blends. 

• Moreover, due to lower heating value of oxygenates biodiesel and ethanol, the break thermal 
efficiency of ethanol-biodiesel-diesel blends deteriorate significantly as compared to base fuel 
diesel. 

• In addition to decrease in brake thermal efficiency for the blends of ethanol-biodiesel- diesel 
fuels, brake specific fuel increases with increasing the oxygenates content 

• HC emissions are found less in case of E-diesel fuel blends i.e., B0D90E10 and B0D95E5, they 
showed a reduction of 20% to 40% as compared to base fuel diesel. However, addition of 
biodiesel exhibits higher HC emissions for blends than that of base fuel diesel. 

• CO emissions of ethanol-diesel blends were found less than that of base fuel diesel. CO from fuel 
blend (B0D90E10) shows a reduction upto 40% at low and medium loads.  
 However, for biodiesel added blends, CO emissions were very similar to the neat diesel 
emissions at medium and high loads.  

• Smoke and NOX emissions are found less for all oxygenated fuel blends in compare to diesel fuels 
in the entire range of loads. NOx emissions for diesel fuel were 50%, 84% and 34% higher as 
compared to B0D90E10 fuel blend at low medium and high loads respectively. 

Fig. 10 Variation of exhaust gas temperature with load (brake power) 
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• Exhaust gas temperature for the pure diesel fuel and for various fuel blends, vary by a very small 
fraction for the small and medium load ranges. For the high load range, the exhaust gas 
temperature of diesel is 14% more than that of the B0D90E10 blend 

• The test results revealed that overall emission generation is less in case of B0D90E10 fuel blends. 
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ABSTRACT 

In this paper we present semantic information retrieval using Ontology and SPARQL and its application to 

cricket domain. In the first stage, domain ontology is designed for the cricket domain. Data is extracted from the 

specific domain and stored in the domain ontology. Ontology storage is done by using web ontology language 

(OWL). New relations are added in the knowledge base by using the reasoner. Pallet reasoner is used for the 

inferencing purpose. The searching is done on the ontology with the help of SPARQL. SPARQL query language 

is able to answer the complex query asked by users. Graphical user interface is provided for simplifying the 

SPARQL searching process. Traditional search is provided for comparison purpose. Domain specific 

information extraction improves the retrieval performance of the system. Detailed evaluation is provided to 

compare the performance gain against the traditional methods. System is able to achieve the usability, 

scalability and retrieval performance. The system is implemented using latest technology like Ontology, RDF, 

inference, SPARQL. 

KEYWORDS: Ontology, OWL, SPARQL, Inference, Semantic Web. 

I. INTRODUCTION 

The amount of data available on World Wide Web has increased tremendously. Searching the useful 

information on a huge data is the topic in discussion today. Current web mostly relies on keyword 

based search. Most of the systems are implemented using vector space model. The performance of the 

system depends on matching the keyword within the available data. Such a model misses the actual 

semantic information in text [1]. 

The disadvantage of the traditional search can be overcome with the proposal of semantic web. 

Semantic web is also called the intelligent web or next generation web or Web 3.0.  Semantic web is 

approach towards understanding the meaning of the contents. Semantic information is stored in the 

form of ontology. Ontology is nothing but specification of a conceptualization. Today Ontologies are 

the backbone of the semantic web. Information extraction and retrieval is benefitted with advent of 

ontology. Semantic data is published in the form of language like RDF, OWL, and XML.  After 

obtaining the semantic information from the plain text next step is finding the required information. 

Semantic indexing the semantic data and doing the keyword search is one of the techniques [2].  

In general search engines aims towards achieving the usability, scalability and retrieval performance. 

Currently studies on semantic search deals with keyword based, form based and natural language 

based query interface. Out of this keyword query interface is the most user friendly one. Combining 

the usability of keyword interface with power of semantic technology is one of the challenging task in 

semantic searching. 

In this paper we present semantic information retrieval using Ontology and SPARQL for cricket. 

Central ontology is designed for the cricket domain which is used during information extraction, 
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ontology mapping and inference. Information is extracted from the cricket domain and stored in the 

ontology. The searching is done on the ontology data with the help of SPARQL. To simplify the 

searching process, graphical user interface is provided. Traditional search is designed to compare the 

performance of the system against the SPARQL search. Detailed evaluation is provided to compare 

the performance gain against the traditional methods. The system consists of automated crawling, 

information extraction module, ontology mapping module, inference module, SPARQL search 

module. 

The rest of the paper is organized as follows: literature survey in section-II, section-III gives detailed 

problem statement, section-IV about system implementation; section-V provides the results and 

discussion whereas conclusion and future work of paper is given in section VI. 

II. LITERATURE SURVEY 

Classical search engines are depends of vector space model. Generally vector space model carried out 

in three stages namely document indexing, term weighting, similarity coefficients. Document 

indexing is done in the first stage. Importance of the term within the document is calculated with the 

help of term frequency in the second stage. In the third stage, documents and queries are represented 

by vectors of term weight and retrieval is done by cosine similarity. This method does not require any 

extraction method. Problem with vector space model is documents are represented poorly, search 

keyword must be precise, document with similar context but different term won’t be associated. This 

method gives very low precisions and recall values [1].  

Traditional methods are unable to understand the meaning of the contents. With the introduction of 

semantic web, knowledge representation is very much easier. Semantic to plain text can be given by 

using ontology. Information is extracted from specific domain and stored in the ontology instances. 

The retrieval model is based on an adaptation of the classic vector-space model, including an 

annotation weighting algorithm, and a ranking algorithm. They are able to achieve the greater 

performance as compared to classical search engine [3], [4]. 

Semantic indexing is one of the techniques to improve precision and recall values. Semantic index is 

created on ontological data and keyword search is performed. Semantic indexing approach is based on 

the lucene indexing. Basic idea is to extend the traditional full text index with extracted data. Ranking 

is modified so that document containing ontological data get higher rates. Performance of the system 

is improved as compared to ontology search using vector space model. But still it is not able to 

achieve the 100% precision and recall values [2].  

SPARQL can be used to query ontological data. Using SPARQL we can achieve the 100% precision 

values. Problem with SPARQL is that, it is not made for end users as we require the knowledge of 

domain ontology and syntax of the language. Therefore, Semantic Web community works on 

simplifying the process of query formulating for the end-user. In Jan 2008, W3C made the SPARQL 

as recommendation for semantic query language [5]. With SPARQL we get the answer of the very 

complex query [6]. 

From the above details, it is known that keyword based search are very user friendly but they are not 

suitable for large information repository and not able to capture all the semantic of the query. Aim of 

the system presented in this paper is to keep the user friendly of the search query as well as improve 

the retrieval performance. The framework is applied to cricket domain to observe the performance of 

the system. Remarkable increase in the performance of the system is possible with SPARQL.  

III. PROBLEM STATEMENT 

Semantic information retrieval is done with the help of Ontology and SPARQL. System is 

implemented for the cricket domain. Data is extracted from the cricket domain and stored in the 

ontology. Ontology is stored in OWL format which is based on RDF and RDFS. Inference is applied 

on semantic data by using pallet reasoner, which check the consistency of the database and able to add 

new relations. Searching is done with the help of SPARQL. Graphical user interface is provided to 

enter the SPARQL query. 

IV. SYSTEM IMPLEMENTATION 
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Fig. 1 shows the architecture of the overall system. System is divided into different modules for better 

the management. The important module within the system are crawling, plain text search, Information 

extraction, Ontology design, Ontology mapping, Inference, semantic search with SPARQL. The 

system is implemented in Java with the support of Jena framework and pellet reasoner. 

Implementations details of the modules are as follows. 

4.1 Crawling 
This is the first module in our system. It takes the web URL as input and crawl all the pages of the 

website. After crawling, the web pages are stored on local machine by removing the unwanted content 

from HTML pages. HTML parser removes the unwanted spaces, extra lines, HTML tags, image tags, 

scripts, comments from the pages. System crawls only the commentary pages as these pages have the 

most of the match information. For testing purpose we have crawled the specific series in the cricket 

domain. For example IPL2012, IPL2011, World Cup 2011, etc. The crawling process is shown in 

fig.2.  

 

Fig. 1: System Architecture. 

4.2 Plain text search 
In this module indexing is done on the plain text. Index preparation is done with the help of Apache 

Lucene. Apache Lucene is a high-performance, full-featured text search engine library written entirely 

in Java. Apache Lucene is open source project freely available [15]. Input for indexing is plain text 

which is available from the previous module that is crawling and HTML parser. Searching is keyword 

based searching. Search gives the list of documents in which the given keyword matches with words 

in the documents. This is just like traditional search engine. This search engine is used for comparison 

purpose only. 

 

4.3 Ontology Design 
Central ontology is designed for cricket domain. Domain ontology is used during information 

extraction, creating the OWL files and inference. First step in designing the ontology is identifying the 

different classes in the particular domain. Class in the ontology may have number of instances. 

Instance may belong to none, one or more classes. Class may be a subclass of another class. All 

classes are subclasses of owl: Thing the root class. In the cricket domain identified classes are Ball, 

Event, Inning, Location, Match, Over, Player, Series, Stadium, Team, etc. After identifying the 

classes next step is identifying the properties of the classes. Class characteristics are specified by 

Properties. They are attributes of instances and sometimes act as data values or link to other instances. 

Properties can be object properties or datatype properties. Datatype properties are relations between 

instances of classes and RDF literals whereas Object properties are relations between instances of two 

classes. Identified Object properties in cricket domain are ballBy, ballTo, hasInning, hasMatch, 
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hasOver, hasPlayer, hasStadium, etc. Datatype properties are hasBall, hasName, hasCity, hasDate, 

hasEvent, hasRR, hasRRR, etc. Protégé is used for ontology design [7], [14]. Fig.3 shows the class 

hierarchy in cricket domain.  

 
Fig. 2: Crawling 

 

 
Fig. 3: Class hierarchy 

4.4 Information extractions 
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It is a process of adding structured information from unstructured resources. In this phases system 

uses the data crawled from the cricket websites. Input for this module is basic information and 

narrations of the matches as only the commentary pages are crawled. This module collects the 

information like series, type of the match, teams involved, narrations, over by over data of the match, 

etc. Information extraction becomes easy after studying the structure of web pages. System is able to 

crawl almost all the information of the match as espncricinfo.com website is structured very nicely. 

Information collected in this phase is given to ontology mapping.  

The algorithm for the information extraction is given below. 

Step 1: Start 

Step 2: Create ontology file for storing the semantic data in OWL format. 

Step 3: Copy original cricket ontology in the Ontology file. 

Step 4: Get the first file from the crawler module. 

Step 5: Search seriesText class in the HTML page and create the isSeries event and store in 

the Ontology and extracted file. 

Step 6: Locate the match number, create the hasMatch event and store in the file. 

Step 7: Search teamText class, create ontology events and store in the file. 

Step 8: Search statusText class, create event and store in the file. 

Step 9: Search playedAt class, create hasStadium and hasDate event and store in the ontology 

file. 

Step 10: Identify commsTable class, get the ball by ball details and create events for run, 

wicket, four, six, bowler, batsman, etc and save in the ontology file. 

Step 11: Get the over by over details from the commsTable class, extract the details like 

overNumber, run in that over, wicket in that over, run rate, required run rate, etc. Create the 

event and save it in the file. 

Step 12: Repeat the Step 4-11 for all the files in the crawler directory. 

Step 13: Stop. 

For example, consider the following piece of commentary. 

 

 

Indian Premier League - 1st match         

Chennai Super Kings v Mumbai Indians  

Mumbai Indians won by 8 wickets (with 19 balls remaining) 

Played at MA Chidambaram Stadium, Chepauk, Chennai 

4 April 2012 - day/night (20-over match) 

7:10 pm it’s the start of the match. Bowler and batsman are ready for the first 

delivery. 

0.1   Warne to Sachin, SIX, superb shot, takes it on the full and tucks it to deep 

midwicket. 

 

 

Information extraction modules extract the following data from above piece of commentary. 
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Series: Indian Premier League 

Match: 1
st 

 match 

Team1: Chennai Super Kings 

Team2: Mumbai Indians 

Status: Mumbai Indians won by 8 wickets (with 19 balls remaining) 

Playedat:  MA Chidambaram Stadium, Chepauk, Chennai 

PlayedOn: 4 April 2012  

 

Ball: 1 

Ball By: Warne 

Ball To: Sachin 

hasOverNumer: 1 

Event: SIX 

Description: superb shot, takes it on the full and tucks it to deep 

midwicket. 

 

 

4.5 Ontology mapping 

It is process of mapping unstructured, structured, semi-structured data into ontology instances. 

Information extraction module has done lots of work by extracting most of structured information. 

After mapping data in ontology instances, OWL individual for each event is created. If IE module not 

able to extract some attributes of the event then also we create an instance with empty property. Jena 

framework is used for ontology mapping. Jena framework provides the facility for reading, writing 

and manipulating the data in RDF and OWL format [8]. Code of snippet in Appendix shows the 

ontology mapping for the above crawled information. 

 

4.6 Inference 
New relation can be added from the existing database with the help of class and subclass relations. 

Pellet provides the complete OWL-DL reasoner with good performance and number of unique 

features. Pellet provides reasoning services, including consistency checking, concept satisfiability, 

classification, and realization [9]. Basic idea is to load the ontology schema from OWL file to Pellet 

reasoner, compute class subsumption tree and store it back in OWL instances.  

 

4.7 Semantic Search 
Semantic searching is done with the help of SPARQL. SPARQL is an RDF query language which is 

able to retrieve and manipulate data stored in Resource Description Framework format. SPARQL 

allows users to write unambiguous queries. SPARQL is just like the SQL only. SPARQL contains 

capabilities for querying required and optional graph patterns along with their conjunctions and 

disjunctions [5]. The results of SPARQL queries can be results sets or RDF graphs. Query is specified 

in the triple pattern which is subject, object and predicate. Query syntax is given below. 

 

//Prefix declaration 

//Select clause 

//Where clause 

 

The example of SPARQL query is given below which select all players from cricket database. 

PREFIX rdf: <http://www.w3.org/1999/02/22-rdf-syntax-ns#> 

PREFIX ns: 
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<http://www.semanticweb.org/ontologies/2012/3/cricket.owl#> 

select  ?team ?date  ?over  ?event ?Bowler ?Batsman where {  

?m rdf:type ns:Match .  ?m ns:hasTeam ?a  .  

?a ns:hasName ?team.    

?m ns:hasDate ?date . ?m ns:hasTeam ?t . 

?m ns:hasInning ?i . ?i ns:hasOver ?o .  

?o ns:hasOverNumber ?over .  

?o ns:hasBall ?b . ?b ns:hasEvent ?event . 

?b ns:ballBy ?c . ?c ns:hasName ?Bowler . 

?b ns:ballTo ?e .  ?e ns:hasName ?Batsman . 

 

 

Even we can write very complicated query on database.  Graphical user interface is provided for 

simplifying the query writing process. Graphical user interface allows users to select certain fields and 

get the result instead of writing the complicated query. The algorithm for advanced search is given 

below. 

 

Fig. 4 shows the SPARQL query interface. 

 

 
 

Fig. 4: SPARQL query interface 

V. RESULTS AND DISCUSSION 
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To evaluate the performance of the system, we have crawled all the matches of IPL (Indian Premier 

League)-2012. IPL-2012 has in all 71 matches. Information extraction module is able to find out 

20343 events within the 71 matches. The first index is created on the data crawled by web crawler. 

This index is traditional plain text index. This is index is based on vector space model. Index is 

created with the help of Apache Lucene. This searching is referred as TRADITIONAL SEARCH.  

Second index is created on the data extracted from the information extraction module. Indexing is 

done like the traditional plain text search. Again indexing is done using the concept of vector space 

model with the help of Apache Lucene. Input to indexing is extracted data by information extraction 

module. This is search is referred as EXTRACTED SEARCH. 

Third type of searching is directly done without any type of indexing. Searching will be done on the 

ontology data with the help of SPARQL search. Searching is referred as SPARQL search. Complex of 

the complex query can be written using SPARQL. Simple queries can be executed using the graphical 

user interface provided by the system. Graphical user interface contains the some drop down list from 

which parameter can be chosen or values can be entered. This search is referred as SPARQL 

SEARCH. 

The TABLE-I gives the evaluation queries whereas TABLE-II gives result of the evaluation. We 

could answer first three queries because the winner of the series, name of player and name of team 

have recorded in the ontology data.  Next three queries (Query 4-6) could answer because ontology is 

storing the bowler and batsman of every event occurred in the matches. Next three queries (Query 7-

9) are able to answer as the winner and loser of the matches are storing in the ontology data. TABLE-

II gives the percentage of relevant (precise) result produced for the given query. 

TABLE-I: Evaluation Queries 

Query-1 All sixes in IPL 2012 

Query-2 All wickets in IPL 

Query-3 All sixes by Gayle 

Query-4 All wins by Mumbai Indians 

Query-5 All wins by Mumbai Indians in Mumbai  

Query-6 All Matches of Chennai super kings in Chennai in May 2012 

Query-7 Find all six on Zaheer’s bowling against Kolkata. 

Query-8 Find all six in second over and second ball of each match. 

Query-9 Find Sachin’s six at Mumbai in April 2012  

 

TABLE-II: Evaluation Results 

 TRADITIONAL SEARCH EXTRACTED SEARCH SPARQL SEARCH 

Query-1 12% 20% 99% 

Query-2 12% 18% 100% 

Query-3 10.5% 16% 98% 

Query-4 10% 16.5% 98% 

Query-5 7.5% 12% 97% 

Query-6 7.5% 8% 95% 

Query-7 5% 6.5% 92% 

Query-8 5% 4% 90% 

Query-9 4.5% 2.5% 90% 

 
The graph of the search evaluation is shown in the fig.5. The graph is drawn for query against the 

average precision value. 
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Fig.5: Search evalaution graph 

 

VI. CONCLUSION AND FUTURE WORK 

We have presented the semantic information retrieval framework and its application to Cricket 

domain. The system is implemented using the most cutting edge technology like Ontology, OWL, 

Inference, information extraction, Ontology development and mapping, SPARQL. Considerable 

increase in the performance of the system using domain specific information extraction is observed. 

With the help of inference, performance is further improved. Very complex query asked by the user 

can be answered using SPARQL. Graphical user interface made easy to construct the SPARQL query 

otherwise it is very complicated to write the query. System is able to achieve the greater precision and 

recall values.  

With the successful implementation of the system for cricket domain, we can extend the system for 

other domain with the changes in the domain ontology and information extraction. Other modules can 

be easily used in the new system without any changes. System can be extended for storing the 

semantic information from multiple languages. The concept of semantic information retrieval can be 

applied for image retrieval also. As shown in the result section, we can achieve better recall and 

precision values for the other domain and for multilingual databases. 
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Appendix: Code snippet for Ontology Mapping. 
<rdf:type rdf:resource="http://www.semanticweb.org/ontologies/2012/3/cricket.owl#Series"/> 

<hasName rdf:datatype="http://www.w3.org/2001/XMLSchema#string">Indian Premier League 

</hasName> 

<owl:NamedIndividualrdf:about="http://www.semanticweb.org/ontologies/2012/3/ 

cricket.owl#1st_match"> 

<rdf:typerdf:resource="http://www.semanticweb.org/ontologies/2012/3/cricket.owl#Match"/> 

<hasDate rdf:datatype="http://www.w3.org/2001/XMLSchema#string">4 April 2012 </hasDate> 

<hasStatus rdf:datatype="http://www.w3.org/2001/XMLSchema#string">  

             Mumbai Indians won by 8 wickets (with 19 balls remaining)  

</hasStatus> 

<hasTeam rdf:resource="http://www.semanticweb.org/ontologies/2012/3/cricket.owl#Chennai Super Kings 

"/> 

<hasStadium rdf:resource="http://www.semanticweb.org/ontologies/2012/3/cricket.owl#MA Chidambaram 

Stadium, Chepauk, Chennai"/> 

<hasTeam rdf:resource="http://www.semanticweb.org/ontologies/2012/3/cricket.owl#Mumbai Indians"/> 

 </owl:NamedIndividual>  

<rdf:type rdf:resource="http://www.semanticweb.org/ontologies/2012/3/cricket.owl#Ball"/> 

<hasRun rdf:datatype="http://www.w3.org/2001/XMLSchema#string"> SIX</hasRun> 

<hasDescription rdf:datatype="http://www.w3.org/2001/XMLSchema#string"> 

                  Superb shot, takes it on the full and tucks it to deep midwicket 

</hasDescription> 

<hasOverNumber rdf:datatype="http://www.w3.org/2001/XMLSchema#integer"> 

                 1 

</hasOverNumber>  

 <hasBallNumber rdf:datatype="http://www.w3.org/2001/XMLSchema#integer"> 

                 1 

</hasBallNumber> 

<ballBy rdf:resource="http://www.semanticweb.org/ontologies/2012/3/cricket.owl#Warne"/> 

 <ballTo rdf:resource="http://www.semanticweb.org/ontologies/2012/3/cricket.owl#Sachin"/> 
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ABSTRACT 

Research   involving   bacterial   pathogens   often   requires enumeration of bacteria colonies. Bacterial 

colony enumeration is an essential tool for many widely used biomedical assays. Bacterial colony enumerating 

is a low throughput, time consuming and labor intensive process. Since there might exist hundreds or 

thousands of colonies on a Petri dish, and the counting process is often manually performed by well-trained 

technicians .There are several methods for enumeration of bacterial colonies. An increased area of focus in 

Microbiology is the automation of counting methods. An increased area of focus in Microbiology is the 

automation of counting methods. Several obstacles need to be addressed for methods that count colonies 

present. These obstacles include: how to handle confluent growth or growth of colonies that touch or overlap 

other colonies, how to identify each colony as a unit in spite of differing shapes, sizes, textures, colors, light 

intensities ,etc.  This method is designed to provide a degree of accuracy in counting.   A colony counter is 

used to count colonies of bacteria or other microorganisms growing on an agar plate. This method is used to 

overcome these obstacles are thresholding, segmentation, time domain frequency, Watersheding, edge 

detection and morphology operator, regional descriptors etc.. This method provides high degree of accuracy. 

Our proposed counter has a promising performance in terms of both precision and recall, and is flexible and 

efficient in terms of labor- and time-savings. 

KEYWORDS: Bacteria, Bacterial colony, Thresholding, Morphology, Watersheding. 

I.  INTRODUCTION 

Colony counting of bacteria is crucial for quantitative, precise assessment of pathogens in clinical 

research and diagnosis. Manually counting of bacteria colony is very difficult. An automated colony 

counting is time saving & less labour intensive process. To provide the fast & accurate result & to 

reduce the labour workload two colony counting approaches are developed. These approaches may 

utilize both direct and indirect methods of counting colonies. The traditional plate count method is 

considered an indirect method, desirable due to its low cost. Some examples of technologies that may 

be used for quantification of microbial growth include: ATP Bioluminescence, Spiral Plating, 

Membrane Filtration, Direct Epi-fluorescent Filter Microscopy, and Membrane Laser Scanning 

Fluorescence Cytometry. Several obstacles need to be addressed for methods that count colonies 

present. This method is designed to provide a degree of accuracy in counting that could be correlated 

to the counts that would be obtained using a well-trained operator. In the automated approach , 

Bacteria are grown onto filter for 24 to 48 hours to check the contamination level of the sample. To 

count these bacterial colonies microbiologist uses some dyes so that bacterial colonies appear as 

colored spots and our problem is to count the number of these bacterial colonies. Further in an 

Industry thousands of such samples are formed per day and colonies on each sample are counted 

manually, then this becomes a time consuming hectic and error prone job. The goal of our proposed 

project is to develop software to save time with accurate results and fast delivery to customers. This 
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project will be extended in such a manner that it will count the colonies after 6 to 8 hours prior, saving 

a lot more time. In this paper the proposed approaches differentiates the processing of colony images 

with color information filtering is used for denoising. 

II.   BACTERIA 

Bacteria are unicellular microorganisms. They are typically a few micrometers long and have many 

shapes including curved rods, spheres, rods, and spirals. The study of bacteria is bacteriology, a 

branch of microbiology. Bacteria are ubiquitous in every habitat on earth, growing in soil, acidic hot 

springs, radioactive waste, seawater, and deep in the earth's crust. A group or cluster of bacteria 

derived from one common Bacterium. A bacterial cell is a unit of bacterial colony. In colony of 

bacteria there can be thousands to millions of cells can be present. The morphology of the colony of 

bacteria can be seen with naked eyes without the help of any gear. 

A colony counter is an instrument used to count colonies of bacteria or other microorganisms growing 

on an agar plate. Bacterial colony is a group of bacteria growing on a plate that is derived from one 

original starting cell. An agar plate is a sterile Petri dish that contains a growth medium used to 

culture microorganisms. Bacterial colony counting process is usually performed by well-trained 

technicians manually. 

III. METHODOLOGY 

3.1. Image Capturing 

Bacterial Colonies are grown onto filter for 16 to 24 hours. Some colored dyes are spread over each 

filter so that bacterial colonies appear as colored spots. Now this filter is kept on a Petri plate. 

Background is made of black or white intensity so, it becomes easier to separate the filter from its 

surroundings while processing the image. Petri plate is kept in a box containing a digital camera and 

light arrangement. Images are then captured using this arrangement. The collected images are 

digitized on a computer utilizing a image processing software package that has programming 

capabilities. The digitized picture is processed using the various procedures described to separate and 

detect the colonies present. 

3.2. Wavelet Transform 

A discrete wavelet transform (DWT) is any wavelet transform for which the wavelets are discretely 

sampled. As with other wavelet transforms, a key advantage it has over Fourier transforms is temporal 

resolution: it captures both frequency and location information. The Haar wavelet is a sequence of 

rescaled "square-shaped" functions which together form a wavelet family or basis. Wavelet analysis is 

similar to Fourier analysis in that it allows a target function over an interval to be represented in terms 

of an orthonormal function basis. 

3.3. Extracting Image Contents 

Extraction of Bacteria present on petri dish is done using various procedures. Extraction procedure 

consists of following steps. Each extraction step has its own significance 

3.3.1. Conversion of RGB to HSV 

When it comes to computer vision, RGB values will vary a lot depending on strong or dim lighting 

conditions and shadows, etc. In comparison, HSV is much better at handling lighting differences, and 

it gives an easy to use color value. The advantage of HSV is that it provides a way of selecting colors 

that is more intuitive to most artists. 

3.3.2. Gray Scaling of Image 

Grayscale digital image is an image in which the value of each pixel is a single sample, that is, it 

carries only intensity information. Images of this sort, also known as blackened-white, are composed 

exclusively of shades of gray, varying from black at the weakentsst intensity to white at the strongest. 

Grayscale images are distinct from one-bit bi-tonal black-and-white images, which in the context of 

computer imaging are images with only the two colors, black, and white (also called bi level or binary 
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images). Grayscale images have many shades of gray in between. Grayscale images are also called 

monochromatic, denoting the presence of only one (mono) color (chrome). 

 
 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

  

 

Fig.1. Flow Work 

3.4. Applying Filter for Noise Removal 

Adaptive filters adapt or learn the characteristics of the signal. Therefore the adaptive median filtering 

has been applied widely as an advanced method compared with standard median filtering. The 

Adaptive Median Filter performs spatial processing to determine which pixels in an image have been 

affected by impulse noise.  The Adaptive Median Filter classifies pixels as noise by comparing each 

pixel in the image to its surrounding neighbor pixels. The size of the neighbourhood is adjustable, as 

well as the threshold for the comparison. A pixel that is different from a majority of its neighbors, as 

well as being not structurally aligned with those pixels to which it is similar, is labeled as impulse 

noise. These noise pixels are then replaced by the median pixel value of the pixels in the 

neighbourhood that have passed the noise labeling test. 

3.4.1. Weiner Filter 

The most important technique for removal of blur in images due to linear motion or unfocussed optics 

is the Wiener filter. From a signal processing standpoint, blurring due to linear motion in a 

Image capturing 

Wavelet transform 
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photograph is the result of poor sampling. The inverse filtering is a restoration technique for de-

convolution, i.e., when the image is blurred by a known low-pass filter, it is possible to recover the 

image by inverse filtering or generalized inverse filtering. However, inverse filtering is very sensitive 

to additive noise. The approach of reducing one degradation at a time allows developing a restoration 

algorithm for each type of degradation and simply combining them. The Wiener filtering executes an 

optimal tradeoff between inverse filtering and noise smoothing. It removes the additive noise and 

inverts the blurring simultaneously. The Wiener filtering is optimal in terms of the mean square error. 

In other words, it minimizes the overall mean square error in the process of inverse filtering and noise 

smoothing. 
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Where, Sxx(f1,f2), Sŋŋ(f1,f2) are respectively power spectra of the original image and the additive 

noise, and H (f1,f2) is the blurring filter. 

 

3.5. Thresholding 

It is one of the methods of image segmentation. This method is based on a clip-level (or a threshold 

value) to turn a gray-scale image into a binary image. Thresholding can be defined as mapping of the 

gray scale into the binary set {0, 1} that is thresholding essentially involves turning a color or 

grayscale image into a 1-bit binary image. Individual pixels in a gray scale image are marked as 

‘object’ pixels if their value is greater than some threshold value and as ‘background’ pixels 

otherwise. Generally the object pixels are ‘black’ and the background is ‘white’. After thresholding a 

binary image is formed where an object pixel is given a value of ‘1’ while a background pixel is given 

a value of ‘0’. The key of this method is to select the threshold value (or values when multiple-levels 

are selected). Several popular methods are used in industry including the maximum entropy method, 

Otsu's method (maximum variance), and et al. k-means clustering can also be used. & the main 

purpose of thresholding is to discard irrelevant data and keep only the important segments of data 

which lie above threshold curve to Classify pixels on the basis of color or a local property. To provide 

a bi-level picture that distinguishes objects from background. To represent the text and diagrams in 

binary formats. 

 

3.6. Thinning 

It is a morphological operation that is used to remove selected foreground pixels from binary images, 

somewhat like erosion or opening. It can be used for several applications, but is particularly useful for 

skeletonization. In this mode it is commonly used to tidy up the output of edge detectors by reducing 

all lines to single pixel thickness. Thinning is normally only applied to binary images, and produces 

another binary image as output. 

 

3.7. Morphology 
Morphological image processing (or morphology) describes a range of image processing techniques 

that deal with the shape of features in an image..The language of mathematical morphology is set 

theory. The mathematical morphology simplifies image data, preserves essential shape characteristics 

and eliminates noise. Morphological operations are based on simple expanding and shrinking 

operations. The primary application of mathematical morphology occurs in binary images, though it is 

also used in grey scale images. Morphological operations are typically applied to remove 

imperfections introduced during segmentation. Mathematical morphology is a foundation of 

morphological image processing, which consist of a set of operators that transform images according 

to the above characterizations. The morphological operator dilation acts like a local maximum 

operator. Dilation generally increases the sizes of objects, filling in holes and broken areas, and 

connecting areas that are separated by spaces smaller than the size of the structuring element. Erosion 

acts like a local minimum operator. Erosion generally decreases the sizes of objects and removes 

small anomalies by subtracting objects with a radius smaller than the structuring element. 
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3.8. Edge Detector 
It is a process that detects the presence and location of edges constituted by sharp changes in color 

intensity of an image. . For a good edge detection, the edge line should be thin and with few speckles. 

The purpose of edge detection in general is to significantly reduce the amount of data in an image, 

while preserving the structural properties to be used for further image processing. 

Canny’s aim was to discover the optimal edge detection algorithm. Sobel and Prewitt which uses first 

derivative have very simple calculation to detect the edges and their orientations but have inaccurate 

detection sensitivity in case of noise. 

 

3.9. Watersheding 
This is method of image processing segmentation. There is a need to split the colony to get correct 

colony counts. To separate the connected colonies intensity are considered. Intensity gradient image 

as a topological surface, thus Watershed algorithm can be applied to divide the clustered colonies in 

the image just as water fold in the topological surface. Think of the grey-level image as a landscape. 

Let water rise from the bottom of each valley (the water from each valley is given its own label). As 

soon as the water from two valleys meets, build a dam, or watershed. These watersheds will then 

define the borders between different regions. Watershed can be used directly on the image, on an edge 

enhanced image or on a distance transformed image. A grey-level image may be seen as a topographic 

relief, where the grey level of a pixel is interpreted as its altitude in the relief. A drop of water falling 

on a topographic relief flows along a path to finally reach a local minimum. Intuitively, the watershed 

of a relief corresponds to the limits of the adjacent catchment basins of the drops of water  The 

gradient magnitude of an image is considered as a topographic surface for the watershed 

transformation. Watershed lines can be found by different ways. The complete division of the image 

through watershed transformation relies mostly on a good estimation of image gradients. The result of 

the watershed transform is de-graded by the background noise and produces the over-segmentation. 

Also, under segmentation is produced by low-contrast edges generate small magnitude gradients, 

causing distinct regions to be erroneously merged. 

Our proposed method can recognize chromatic and achromatic images and thus can deal with both 

color and clear medium. In addition, our proposed method can also accept general digital camera 

images as its input. The whole process includes detecting dish/plate regions, identifying colonies, 

separating aggregated colonies, and finally reporting consistent and accurate counting results. 

 

IV. RESULTS 

TEST 1(a) (Processed image of  Non Overlapped Bacterial Colonies) 
 

 
 

Figure 1.1 – Processed image of Non Overlapped Bacterial Colonies 

 

 
Figure 1.2 – Total number of Overlapped Bacterial Colonies found 
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TEST 2(a) (Processed image of  Non Overlapped Bacterial Colonies) 

 

 
Fig. 2.1: Processed image of Overlapped Bacterial Colonies 

 

 
 

Fig. 2.2: Total number of Overlapped Bacterial Colonies found 

 

Table 1. Result Image 2. jpg 

 

Sr No. Fig Name Overlapped Total 

1 2.jpg 20 100 

 
TEST 2(b) (Processed image of  Overlapped Bacterial Colonies) 

 

 
Fig. 3.1: Processed image of Overlapped Bacterial Colonies 

 

 
Fig. 3.2: Total number of Overlapped Bacterial Colonies found 

 

TEST 2(c) (Processed image of  Overlapped Bacterial Colonies)  
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Fig. 4.1: Processed image of Overlapped Bacterial Colonies 

 

 

Fig. 4.2: Total number of Overlapped Bacterial Colonies found 

TEST 2(d) (Processed image of  Overlapped Bacterial Colonies)  

 
 

Fig. 5.1: Processed image of Overlapped Bacterial Colonies 

 

 
 

Fig. 5.2: Total number of Overlapped Bacterial Colonies found 

 

Table 2.  Manually Count & Proposed Method Count 

 

SR.NO. FIG. 

NAME 

TOTAL 

COUNT 

MANNUALY 

OVERLAPPED NON-

OVERLAPPED 

PROPOSED 

COUNT 

METHOD 

1 Fig.1.1 64 0 64 64 

2 Fig.2.1 102 20 80 100 
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3 Fig.3.1 10 2 8 10 

4 Fig.4.1 17 3 14 17 

5 Fig.5.1 59 11 46 57 

 

V. CONCLUSION 

From the results and comparison of the different methods of edge detection, it is concluded that the 

“Computational Bacterial Colony Counter” is better than the traditional method of manual 

counting of bacterial colonies on petri dish.  
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Figure 6. Proposed count and Manual count 

 

We can design an automated bacterial colony counter which used many image processing algorithms 

such as grayscaling, thresholding, filtering, Watersheding etc. to count these colonies efficiently. 

Hence, Images with high contrast and low or medium density give accurate or near to accurate count 

(99-100%). Images with low contrast or high density give less accurate count (95-98%) as given in 

graph. The reason thereof is that in case of low contrast after thresholding shape of colony/colonies 

gets distorted which leads to appearance of high curvature points along the boundary. These high 

curvature points (corners) get accumulated in count result. 
 

 

VI. FUTURE SCOPE 

Image processing is very advanced and extensive field which needs extensive research and hard work.  

1. This work can be extended to run on different types of    micro biological bodies in order to 

count and evaluate their different parameters like shape, density etc..  

2. Parallel Computing can also be done in order to speed up the process.  

3. Process the most complex samples and give accurate count. 
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ABSTRACT 

Protection of safety and health of construction workers seems challenging as a result of diversity and dynamic 

features of construction industry. Despite remarkable evolvement in construction industry, safety and health 

problems still exist in construction sites. Traditional approach towards accidents in construction site is reform 

after incident which causes expenses and disability of identifying the root causes of accidents. Identifying the 

root causes of construction accidents and fatalities has revealed the fact that not only contractors but designers, 

architectures and structural engineers are capable of influencing the safety and health of construction workers. 

Considering workers’ safety in the initial stages of project design encounters imitations such as legal and 

liability issues and lack of designers’ safety knowledge, which primarily originate from gap between designers 

and constructors in terms of commitment to and knowledge of jobsite safety. Addressing construction workers’ 

safety in the design phase is expected to eliminate or reduce the hazards in the construction phase therefore the 

constructors’ safety performance and management could be improved. This paper provides useful perception of 

the history of ‘Designing for construction workers’ safety’ concept and aims at introducing potential 

contribution, which could be made by designers and architectures on workers’ safety. 

KEYWORDS: Construction industry, Safety, Hazards, Design phase, Design for construction safety 

I. INTRODUCTION 

In improvement of countries’ economy, the role of construction industry is irrefutable; however there 

are many evidences in representing construction industry as a hazardous industry. Despite remarkable 

evolvement in construction industry, safety and health problems still exist in construction sites due to 

the fact that time, cost and quality are three factors which are mostly considered ahead of construction 

safety [1]. Protection of safety and health of construction workers seems challenging as a result of 

diversity, changeability, complexity, extensive scope of the works and dynamic features of building 

and construction industry [2]. Site safety has always been an area of concern for employers of 

construction workers; moreover safety responsibility of general contractor encompasses 

subcontractors’ workers. Safety concerns have been intensified because of increasing costs of 

premium compensation of workers, increase in the number of liability lawsuits, the intensification that 

has been made to safety regulations and obligations enacted by owners to address workers injuries and 

accidents [3]. 

According to statistics provided by safety and health organizations and formal evidences, construction 

industry includes a broad range of accidents and fatalities. Labor forces at construction sites are 

exposed to a variety of hazards that can cause permanent or temporary disability or fatality [4]. This 

matter has placed the construction industry among the industries with high rates of fatal accidents; 

only mining, transportation and agriculture have higher rates than construction [5]. According to US 

Bureau of Labor Statistics (BLS) on industrial injuries, in year 2003 construction workers constituted 

only 7% of all workforce but 1,166 fatal injuries occurred in this industry which accounted for 21% of 
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the total industrial fatal injuries; at the same year 155,400 injuries and accident, which required day 

away from work, happened in construction industry (7.9% of all). Construction accidents may lead to 

serious financial and humanitarian impacts such as delay in the process of project progress, increase 

in expenses, decreased productivity, incurring a loss to contactors reputation and reliability and 

negative psychological effects on workers [6]. On the contrary, unessential and excessive safety 

measures for enhancing construction safety may also lead to schedule delays as well as costs overruns 

[7]. 

As a wrong belief construction industry is inherently unsafe and design of the project does not have 

any influence on safety and health of construction workers. Physical condition of work is not 

necessarily providing hazardous situation but sometimes the design characteristics create a hazardous 

situation which cannot be attributed to constructors. Traditionally construction workers’ safety is 

ignored until the initial stage of construction phase [3]. Institute for Safety Through Design (ISTD) 

states that considering workers’ safety in the initial stages of project design produce considerable 

advantageous such as productivity improvement, decrease in operating costs, no need of expensive 

reassessment of safety deficiencies, considerable reduction in number of injuries, illnesses, disabilities 

and also environmental harm and decrease in attendant costs [8]. Traditional approach towards 

accidents in construction site is “reform after incident” which causes expenses as well as disability of 

identifying the root causes of accident. Recent development in safety and health programs has lead to 

the appearance of the idea that construction accidents should be recognized and prevented [9]. 

Identifying the root causes of construction site accidents and fatalities has revealed the fact that not 

only contractors but designers, architectures and structural engineers are capable of influencing the 

safety and health of construction workers [9, 10, 11, 12, 13]. It is believed that the safety of any 

activity can be determined much time before the persons and equipments gather at the construction 

workplace [14]. Sometimes professionals of safety and health declare that safety and health hazards 

are designed into the construction projects [8]. For safety of construction workers to be addressed by 

designers and architectures on a regular basis or as an integral design function on all projects, a 

dramatic change must occur in the mindset of the design profession [10]. 

This paper provides useful perception of the history of the ‘Designing for construction workers’ 

safety’ concept. The paper also provides practical insight into the opportunities, implementation and 

barriers facing the designers and architectures, who are willing to contribute to the matter of 

construction workers’ safety. The paper first provides a summary of the history of designing for 

construction workers’ safety, the contributions that have been made by researchers and different 

concepts. The paper then discusses the barriers by which designers and architectures are faced in 

considering workers’ safety in design process and the effect of considering workers’ safety in the 

design process on construction accident as well. Finally the current tools of designing for construction 

worker safety are discussed. This paper tries to provide an overview of the current scenario of the 

concept of designing for construction worker safety, designers’ role, barriers and tools. The paper is 

aimed at introducing potential contribution, which could be made by designers and architectures on 

workers’ safety, through reviewing recent research and findings in the area of designing for 

construction workers’ safety. 

II. ‘DESIGN FOR CONSTRUCTION SAFETY’ CONCEPT 

The history of linking workers safety and health to design goes back to 1800s which include safer 

designing and implementation of guards for machinery; followed by ergonomics design of workplaces 

[15]. In year 1985, International labor organization (ILO) proposed the idea that design engineers 

should regard the workers’ safety during the design stage; since then designers are enforced to 

consider safety issues during their designing [14, 9]. According to a research done by Hinze and 

Wiegand in 1992 the majority of designers were unwilling to address workers safety in their design 

based on the advice given by legal counsel to avoid any liability assumption. Designers who consider 

workers safety in their design prefer to work in design-build companies; in such firms the benefits of 

the safe design will be achieved by the same firms. In another studies done in 1993 and 1994 by 

Hinze and Wiegand the owners were asked about the role of designers in workers safety; the results of 

these two studies were very similar as they show that the majority of designers did not address safety 

in their design. It was surprisingly remarkable that only 17% of designers considered themselves as 
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responsible for considering workers safety in their design [3]. Table1 shows a comprehensive review 

of the history of design for construction safety concept. 

 
Table 1: The history of “Designing for construction safety” concept [3, 9, 14, 15, 16] 

The history of “Designing for construction safety” concept 

1800s Design and implementation of guards for machinery: Linking workers safety to design 

1955 

National Safety Council’s accident prevention manual: PtD was proposed and application of PtD 

in US began when the construction industry institute sponsored Prof. J. Hinze and J. Gambatese in 

1990s 

1985 
International Labor Organization (ILO): Designers were forced to consider safety issues during 

their designing 

1996 
PhD thesis on safety through design by john Gambatese: Drew the attention to concept of safety 

through design later in his papers (Gambatese 1998, 2000) 

1992 
Temporary And Mobile Construction Sites Directive: Designers held responsible for the 

construction site safety (Europe) 

1995 Law: Construction (design and management) (CDM) regulations is enforced in U.K. 

1997 

Fred Manuele (1997): “Designing for construction safety as an intervention is supported by the 

hierarchy of controls common to the safety and health professions which identifies designing to 

eliminate or avoid hazards as the preferable means for reducing risk”. 

2003 Symposium at university of Oregon, USA: PtD attracted more interest 

2005 
Michael Behm (2005): Remarkable percentages of fatalities are linked to design without any 

relation to the nature and type of the construction project but they are related to design elements. 

2008 Framework of PtD initiative are: Research, Practice, Education and Policy 

III. ‘DESIGN FOR CONSTRUCTION SAFETY’ CONCEPTS 

Design and Planning for Construction Safety (DPfS), Designing for Construction Safety (DfCS), 

Design for Safety (DfS), Safety through Design, Prevention through Design (PtD), Design for 

Construction Safety, and Construction Hazard Prevention through Design (CHPtD) are all various 

phrases developed by researchers in order to define the core concept of design for construction 

workers’ safety [17].  

3.1. Design and Planning for Construction Safety (DPfS)  

DPfS includes the collaboration between the designers and constructors for geometrical design and 

construction planning as well. Unlike “Safety through design” which take care of construction product 

and “Safety through construction planning” which take care of safety in construction phase, the DPfS 

will observe the interaction between process and the product [17].  

3.2. Design for Construction Safety (DfCS)  

(DfCS) is a procedure and routine in which the safety and health of construction workers are clearly 

taken into account by engineers and architects during the design process. DfCS can be thought as 

designing for constructability because it can be regarded as a way of safe construction while meeting 

the cost, schedule and quality goals. There are three main reasons that distinguish the advantages of 

DfCS [17]: 

i. Since construction is among the most dangerous industries therefore it is not false to expect 

owners, contractors and designers to be capable of performing tasks in a way which reduce the 

safety risks. 
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ii. Approximately the majority of injuries occur from forces, stresses, dynamic motions and 

electricity, so high education professionals in these areas can reduce the safety risks by 

considering safety during design. 

iii. Safety as well as cost, quality and schedule can be strongly affected by decisions that are made at 

early stages of construction life cycle and especially by designers. 

The primary implication of diffusion of DfCS is that engineering licensure should be modified in a 

way which contains more construction safety courses. The other DfCS development is that design 

civil engineers must be better information collectors and communicators on project information which 

are ignored now (Information may include site utilities and also availability of prefabricated 

components) [17]. 

3.3. Design for Safety (DfS)  

Manuele (1997) expressed that “Designing for construction safety as an intervention is supported by 

the hierarchy of controls common to the safety and health professions which identifies designing to 

eliminate or avoid hazards as the preferable means for reducing risk” [16]; he proposed the safety 

approaches in terms of hierarchy of priority and efficiency (Hierarchy of Control). The first step of 

Hierarchy of priority is ‘Designing to eliminate or avoid the hazard’ following by the next steps of 

‘Designing to reduce the hazard’, ‘Incorporating safety devices after the fact’, ‘Providing warning 

devices’ and finally ends up with ‘Institute training and operating procedures’. Similar to Manuele list 

of safety approaches, Andres (2002) introduced a “Safety hierarchy” which initiates with ‘Eliminating 

the hazard’ and following by ‘Providing engineering controls’, ‘Warnings’, ‘Trainings’ and finally 

ends up with ‘Providing Personal Protective Equipment (PPE)’ [8]. 

3.4. Prevention through Design (PtD) initiative 

Prevention through Design (PtD) can be defined as the practice of anticipating and designing out 

potential occupational safety and health hazards and risks associated with new processes, structures, 

equipment, or tools, and organizing work, such that it takes into consideration the construction, 

maintenance, decommissioning, and disposal/recycling of waste material, and recognizing the 

business and social benefits of doing so. There are four functional areas that build the framework for 

PtD initiative including [18]: 

i. Research is associated with wide range of questions on efficiency of design, relationship between 

design and accidents, design evaluation tools, information propagation and economic matters. 

ii. Practice area is associated with affecting the practices of designers and their safe product 

demanders. Designers are led by their profession science as well as the market demand; when 

demanders seek for safer designed products the designers try to consider safety principles into 

their design. 

iii. Education area is associated with the training programs; education focuses are increasing the 

curriculum courses and stimulation of professional accreditation programs. These accreditation 

programs treasure the value of PtD aspects and will be used in proficiency evaluation. 

iv. Policy area is associated with policies which advocate the improvement of research and practice. 

This area is consisting of guidelines, rules, advices, instructions and standards in order to 

integrate safety and health issues in design phase. 

The final intention of the PtD initiative is to mitigate or avoid occupational injuries, illnesses and 

deaths by incorporation of design suggestions in design stage which influence the workers safety and 

health. NIOSH has developed a framework in order to acquire information on PtD issues from 

stakeholder called NORA (National Occupational Research Agenda). The strategic PtD plan is 

divided into 3 phases [18]: 

i. First phase lasts for three years and includes the development and implementation of PtD 

strategic plan; this phase includes design and performing tasks as well as identification of 

performance indicators of tasks. 

ii. Second phase include a conference on achievements and implementation of the PtD strategic 

plan which will be held in the fourth year to identify the extra efforts needed to be done on 

strategic plan and its implementation. 
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iii. Third phase, which is three years following the conference, the extra efforts for eliminating 

deficiencies will be performed. 

3.5. CHPtD 

Construction hazards prevention through design (CHPtD) is defined as a process in which the 

architectures and engineers take into account the safety of workers in construction sites during the 

design phase. CHPtD offers three persuasive advantages [18]: 

i. CHPtD tries to consider safety as well as cost, quality and schedule. 

ii. Since site hazards are related to forces, stresses, dynamic motion and electricity, well qualified 

designers with extensive safety knowledge can identify the risk associated with these factors and 

would be able to mitigate these risks through the design stage. 

iii. Statistics show that the construction industry is among industries with high rate of hazards and 

accidents, therefore it is reasonable to think that all parties involved in this industry should be 

responsible namely owners, contractors and designers. 

The trajectories, suggested to be followed by CHPtD are ‘Prefabrication of components more than 

before’, ‘Larger usage of less hazardous materials and systems’, ‘Further application of construction 

engineering’ and ‘More spatial investigation and consideration’. (18). Lack of knowledge on 

construction site safety as well as construction processes essential to execute CHPtD, are the most 

significant factors impeding the improvement of safe design trajectories. The current gap in 

communication and knowledge that impede diffusion of CHPtD may be less critical among those 

designers who are involved in design-build contracts. Negotiations on safety issues between designers 

and builders in a design-build contract must honestly consider the hazards and risks related to design, 

therefore the development of CHPtD concept is seemed to be accelerated through design-build 

approach [9, 18, 19]. 

IV. IMPLEMENTATION BARRIERS OF ‘DESIGN FOR CONSTRUCTION SAFETY’ 

CONCEPT 

There are barriers through dissemination of the design for safety concept which primarily originates 

from gap between designers and constructors in terms of commitment to and knowledge of jobsite 

safety; consequently the site safety information is provided by constructors’ site personnel and 

forwarded to designers. Designers attribute their ignorance of safety issues in their design to ‘Lack of 

safety training and knowledge’, ‘Lack of knowledge on construction processes’, ‘Lack of safety 

database in order to assist designers in identifying hazards and modifying design so as to mitigate the 

hazards’ and ‘Liability exposure which make designers to deliberately ignore workers safety in 

design’ [3]. Implementation of the ‘Design for construction safety’ concept faces barriers such as: 

• Legal and liability issues that are supported by case law: designers are advised by legal counsel 

not to regard safety issues in their design because of liability and insurance matters [3, 9, 10, 14] 

• Regulatory actions: due to the resistance by a large part of construction industry regulations has 

not come dominant [14]. 

• The nature of construction contracts: The nature of design-bid-Build (DBB) contracts which 

separate different phases of a project is another barrier in safe design concept while in design-

build contracts designers and constructors are working cooperatively [20]. 

• Lack of safety knowledge: Many designers currently lack skills in designing to avoid or reduce 

health and safety risks and they feel uncomfortable and threatened by the Regulations [18, 20]. 

V. ‘DESIGN FOR CONSTRUCTION SAFETY’ IMPLEMENTATION 

The viability of the ‘Designing for construction workers’ safety’ concept depends on the feasibility of 

implementation and efficiency in producing expected results; e.g. designers are willing to implement 

concepts that are relatively easy to implement, do not need extra resources and contribute to other 

project goals. The key to successful implementation of ‘Design for construction safety’ concept is a 
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considerable change which requires time and effort; crucial factors required for acceptance of the 

concept are listed below [8]: 

• A change in designer mindset: Designers should realize the fact that their effort can enhance the 

workers safety [10]. 

• Motivated designers: Many design professionals require better motivations than benefits to 

safety of workers; design contract, information on cost savings potential, professional ethical 

codes, construction codes, regular design practices and legal actions are examples of motive [8, 

15] 

• Knowledgeable designers: Designers should be trained on safety-related issues during their 

university education; design suggestions database should be provided for them so they can 

implement design alternatives to enhance safety of workers in sites [3, 5] 

• Constructor involvement: Communication between constructors, construction workers and 

designers can help designers to identify site hazards; therefore designers are capable of modifying 

design features endangering the workers safety [3, 8] 

• Mitigation of liability exposure: As far as liabilities are existed, designers are not willing to 

address workers safety in their designs; legal and insurance professionals should be employed by 

construction industry to protect designers against additional lawsuits for integrating safety issues 

into their designs [5, 8, 13, 14]. 

VI. CONSTRUCTION ACCIDENTS AND DESIGN DECISIONS 

European Foundation for the Improvement of Living and Working Conditions (1991) stated that 60% 

of all deaths in construction industry are due to decisions that have been made before commencement 

of construction stage. A study on U.K. construction industry revealed that there is a certain 

relationship between safety of construction and decisions made in design process regarding the 

accident causation [14]. In 1997 Szymberski introduced a diagram which shows that the most suitable 

time for consideration of construction safety is in the initial stages of conceptual, feasibility and 

preliminary design stage. According to time/safety influence curve of Szymberski the ability of 

influence on construction safety will be declined gradually from concept through start-up phases of a 

construction project lifecycle (See Figure 1) [14, 21]. 

Based on an extensive study which was performed in U.K. in 2003 it was indicated that design 

professionals (architectures and design engineers) had the ability to reduce the associated risks in 

construction accidents [22]. Studies on Iranian construction industry also revealed the fact that 33% of 

accidents are associated with decisions made in the design phase on project [9]. 

 
Figure 1: Time/safety influence curve (Szymberski, 1997) 

More studies are required to determine the casual link that exists between design and construction 

safety. According to Haslam et. al. (2003) a noteworthy proportion of construction fatalities are linked 

to the design for construction safety concept; Construction fatalities that are linked to the design for 

construction safety concept are not related to the nature of the construction project (i.e. new 

construction, upgrade, and demolition); Construction fatalities that are linked to the design for 
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construction safety concept are not related to the type of construction project (i.e. residential, 

commercial, engineering, and industrial construction); Construction fatalities that are linked to the 

design for construction safety concept are related to the design element constructed at the time of the 

accident (design element is categorized as one of the 16 Divisions as specified by the Construction 

Specifications Institute); Construction fatalities that are linked to the design for construction safety 

concept are not related to the injured contractor’s Standard Industrial Classification (SIC) code; and  

construction fatalities that are linked to the design for construction safety concept are related to the 

designer’s discipline (e.g. architectural, structural, civil, mechanical, and electrical) involved in that 

aspect of the project that caused the fatality the following results [22]. 

Architects have the most important effect on construction safety compared to civil engineers, 

electrical, and mechanical engineers in designing for construction safety concept. Construction safety 

and health can be affected by design engineers directly and indirectly. Determining the system of 

procurement, preparing documents of contract, putting the stages of construction in order and 

decisions based on duration of the contract are the areas that can be affected directly by design 

professionals, while the type of structure, materials and design are issues that can be indirectly 

affected [14]. 

VII. CURRENT TOOLS OF ‘DESIGN FOR CONSTRUCTION SAFETY’ 

Integration of construction process knowledge into the design process is the initial requirements of 

designing for safety concept. Designers lack the required knowledge therefore they have to perform a 

comprehensive risk assessment for every design element [8]. Tools of ‘Design for construction safety’ 

(See Table 2) incorporate two methods of reminding the safety analysts about the hazards: 

i.  Hazard identification through checklist: It is the direct talk/ask the analyst about specified 

hazards in a project. Hazards of previous projects are gathered into checklists but the limitation 

of this database in terms of identified hazards, which have been identified before, is the weak 

point of this method. Therefore this method cannot help the safety analyst to identify new and 

unique types of hazards in projects [3, 5, 17] 

ii.  Hazard identification through prompt words: Reminding the safety analyst of hazards through 

driving the mind of analyst by prompts words; CHAIR uses this method; “Height/Depth”, 

“position/location”, and “movement/direction” are some prompt words in CHAIR [17] 

The study on checklists and prompt words method depicts that checklists-based methods are too 

specific and prompt words-based tools are too generic which in both methods the detail level are the 

same during the process. While the level of precision differs during the process of hazard 

identification from generic to specific; these methods remain unchanged [23]. 

7.1. ‘Design for construction safety toolbox’ 

Providing design engineers with a design suggestions database in order to familiarize them with the 

aspects of design for workers safety was the chief objective of the design tool; therefore design 

engineers would be aware of actions which they could do in their design in order to contribute to 

workers safety [3]. The final revision of the computerized design tool named ‘Design for construction 

safety toolbox’. A common cause that the safety and health consideration through design is not 

practiced widely is that designers are mostly unfamiliar with the methods and approaches of applying 

safety into the design. Many researches and solutions have been carried out for applying safety into 

the design; these design suggestions, which are directly implemented afterwards, impede the 

creativity of designers and also interrupt the design process [3, 5]. ‘Design for construction safety 

toolbox’ provides a user with design suggestions and its main concentrate is on project’s 

‘Components of design’, ‘Hazards at construction sites’ and ‘Project systems’. The user have to 

decide the area accessing to the database, then the program ask the user some questions in order to 

identify the safety concerns; the program then proposes set of design suggestions and safety related 

concerns based on the answers given by the user [8]. 

7.2. CDM (Construction Design and Management) Regulations 

CDM regulations were enforced in U.K since 1995 and place a responsibility on designers to ensure 

that any completed design does not interfere with the workers safety. CDM regulations 13 clearly 
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defines the responsibility of designers and states that if the designers do not comply with the 

regulations they will be fined [8]. Despite the CDM regulations design profession has not sufficiently 

improved in meeting CDM requirements. Lack of knowledge on what they are going to achieve and 

how to fulfill the requirements of CDM regulations are the main reasons of slow improvement in 

designing or safety [23]. CDM regulations are met provided that designers and constructors work 

together such as in design-build and construction management firms. Involvement and success of 

designers who follow the CDM regulations are highly influenced by the following factors [8]: 

• The majority of design professionals ignore the CDM regulations which place a responsibility on 

designers to ensure the safety of any completed design. 

• Design professionals mostly do not have safety and health knowledge. 

• Design professionals mostly lack knowledge about materials, construction processes and 

methods. 

• Designers usually apply standard materials without knowing the use of them; this may cause 

safety hazards. 

• HSE (Health and Safety Executive, the establisher of CDM regulations) must come up with more 

innovative approaches to encourage efficient communication between designers and constructors 

The four categories of ‘Design for construction safety’ tools as it is illustrated in Table 2 can be 

classified into two main bundles. The categories one and two, checklists and risk assessment forms, 

are a series of checklists which are to be traced by safety and health analysts. Documentation and 

structured review processes, third category, are mainly some prompts for motivating safety and health 

analysts mind in order to think safety and health hazards of design. Category four, visualizing 3d and 

4d tools, fall in the mentioned group as well. They show construction processes or products in a way 

which stimulate the thinking of hazards associated with them. However the model checkers are also 

can be included in the first group such as checklists [16]. Safety design manuals and checklists 

provide information on hazards during the start-up, operation and maintenance of a project, therefore 

the close relationship between construction and start-up phases and between construction and 

maintenance make the design tool beneficial for construction phase as well as start-up and 

maintenance phases [3]. Although it may seem reasonable to provide a list of design solutions for 

improvement of safety in design phase, it can interfere with the creativity of the designers.  In others 

words, designers’ major concerns in using ‘Design for construction safety’ tools are that their freedom 

in design and design process should not be interfered [19]. 

Table 2:  Current tools for “Designing for construction safety” [17] 

   

Tool category Category example description 

Checklists  ToolBox  Based on sets of checklist 

followed by safety analyst Risk assessment forms  ToolSHeD  

Documentation and structured 

review processes  
CHAIR  

Prompts which stimulate the 

safety analyst mind for thinking 

about hazards Visualizing 3D & 4D  DPfS tool  

A range of digital tools have been developed by researchers to be used in construction phase to help 

constructors achieve safety in their projects which use various digital technologies such as Virtual 

Reality (VR), Online databases, Geographic Information Systems (GIS), 4D CAD, Building 

Information Modeling (BIM), Sensing and Warning technologies etc., extensively for safety and 

health hazard prevention and safe delivery of project. The ToolSHed system uses regional health and 

safety regulations for guiding risk analysis. Although ToolSHeD uses the web platform and it is 

suitable for multi-party collaboration across the internet, geometric information related to the building 

components is not incorporated into the system [24]. 

VIII. CONCLUSION 

High rates of accidents and fatalities in construction industry have made this industry inconsistent and 

risky. Construction accidents may lead to serious financial and humanitarian impacts such as delay 

project progress, increase in expenses, decreased productivity and negative psychological effects on 
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workers, on the contrary, unessential and excessive safety measures for enhancing construction safety 

may also lead to schedule delays as well as costs overruns. 

Identifying the root causes of construction site accidents and fatalities has revealed the fact that not 

only contractors but designers, architectures and structural engineers are capable of influencing the 

safety and health of construction workers. The choices which designers select as well as the materials 

they use are the main factors that determine the safety and health level of the building practices. This 

paper provided a perceptual revision of the history of ‘Designing for construction safety’ concept 

which goes back to 1800s including safer designing and implementation of guards for machinery 

followed by enforcing designers to consider workers’ safety in design by ILO in 1985 and 

introduction of PtD initiative framework in 2008 as research, practice, education and policy. The 

barriers through dissemination and implementation of designing for construction workers’ safety 

concept were discussed as legal and liability issues that are supported by case law, the nature of 

construction contracts which separate different phases of a project and lack of designers’ safety 

knowledge. The key to successful implementation of ‘Designing for construction workers’ safety’ 

concept is a considerable change which requires time, effort and crucial factors for acceptance of the 

concept such as a change in designer mindset, motivated designers, knowledgeable designers, 

constructor involvement in design process and mitigation of liability exposure. Tools of designing for 

construction workers’ safety incorporate two methods of reminding the safety analysts about the 

hazards hazard identification through checklist and through prompt words. Checklists-based methods 

are too specific and prompt words-based tools are too generic which in both methods the detail level 

are the same during the process of hazard identification. 

Training designers on construction safety and processes, incorporation of professional constructors 

into the initial stages of design, prioritizing workers’ safety over time, cost and quality, improving 

safety commitment through training, modification of construction regulations and laws to motivate 

design professionals for safe design, establishing proper communication among parties involved in 

construction industry, establishing organization empowered to evaluate the safety level of designs can 

be considered as potential and applicable contributions that could be performed. Addressing 

construction workers’ safety in the design phase may eliminate or reduce the hazards in the 

construction phase therefore the constructors’ safety performance and management could be 

improved. However, considering workers’ safety in the design phase has not become a part of design 

professional’s responsibility. Further research and contributions are required to disseminate the 

advantages of designing for safety concept. 
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ABSTRACT 

Evaluating the learner’s performance is one of the most frequent activates in both conventional and e-learning. 

It is considered as an evidence of acquiring knowledge during learning process. The test is one of the methods 

that are used to evaluate the performance of the learners in e-learning system, semantic web, on the other hand, 

provides a metadata to describe the meaning of web resources in order to move the web content from human-

readable to machine-readable. In this paper we have taken the advantage of semantic web to add description to 

the learning materials using ontology. We have represents the learning materials and questions using their 

important semantic keywords; we have assigned a semantic value to these semantic keywords in each learning 

materials. We have evaluated the learner’s performance by extracting the semantic keywords-which represent 

the acquired knowledge- from the answer of description questions. Then we have inferred the learner’s profile 

to figure out the progress of learning and the concept to be learned in the next step. 

KEYWORDS: SWS, Ontology, SWRL, e-learning. 

I. INTRODUCTION 

E-learning has become an alternative solution for the traditional learning. It has shifted the learning 

process from the teacher-control to learner-control[1]. From learner perspective this shift will give the 

learners more control to choose their learning materials and construct personal learning process. 

However, the learner’s performance evaluation is considered one of the most common activity in e-

learning systems [2] it is the evidence of greater knowledge transmission[3]. Test is one of tools that 

are used to evaluate learner’s achievement. The traditional test involves a lot of manual operations 

from both lecturer and learner. These operations have been reduced in most of e-learning systems but 

there is a difficulty  to evaluate the learning achievement of learner by reading the learner’s answer 

[4]. Moreover, conventional test’s questions in most of e-learning systems are based on multi-choice 

and true-false question. On the other hand the content of the e-learning system needs to store along 

with semantic description to move from human accessible to machine accessible [5]. 

One of the aims of E-learning is to make its contents broadly accessible, searchable and reused [6]. 

This content needs to store along with semantic description to move from human accessible to 

machine accessible [5]. Semantic web considered one of the hottest topics in recent year. It is offers a 

promising approach to e-learning environment which ensures machine-process ability and interchange 

ability. Semantic web provide a metadata to describe meaning of web resources in order to create 

environments that are capable of advance automatic processing of the web content by both human and 

software agents [7]. Ontology, defined as a representation of a shared conceptualization of a particular 

domain, is the backbone of semantic web. Ontology typically consists of description of concepts 

relevant for a particular domain, their relations and axioms about these concepts and relationships.  
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Many researchers have engaged the use of semantic web in their work for different purposes in E-

learning systems such as storing and retrieving the learning materials [5], control the learners’ 

acquired knowledge [8] and for generating learning path sequencing [9, 10]. The work [8] proposed 

an auto scoring mechanism to evaluate the learning performance using problem solve approach. The 

learner selects the best answer for the question form the system then he locates relevant information. 

The evaluation in this work is based on computing the similarity between two sets of keywords, one 

provided from the teacher and another from the learner’s answer. Other researchers evaluate the 

learner by browsing the relevant record in learner’s profile which considered a time/effort consuming 

[4,11]. The evaluation of learner’s performance using intelligent scoring mechanism has been 

proposed for different type of questions (True/False, multiple choice, multiple response and multiple 

fill-in-blank) [12]. 

This study employs the ontology to describe the resources of e-learning system. We have extracted 

the knowledge and score the description question to evaluate the performance of the learner during the 

learning process. Reasoning used to infer the learner’s performance at anytime during the learning 

process. The remainder of this paper is organized as follows: section 2 presents the problem 

description, semantic values calculation in section 3, section 4 presents the ontology framework and 

reasoning rule, and in section 5 we have described the learner’s performance evaluation. Finally the 

paper conclusion and future work is presented in section 6. 

II. PROBLEM DESCRIPTION AND FORMULATION 

E-learning systems deliver the learning materials to the learners online. Most of these learning 

materials are web-pages and they lack of semantic description. Moreover, these E-learning systems 

have used the test to evaluate the learner’s performance during the learning process based on special 

type of questions (true-false, fill in blank, multi choice). Sometimes when the learner answers true-

false question, the learner might not be sure of the answer and his guess might come to be true. 

Marking the description questions is time/effort consuming. On the other hand, it is difficult to 

navigate the log file on the learner’s profile to extract the concepts learned by the learner. 

Representing the E-learning using Semantic web technology by adding annotation to the learning 

contents will add description to them. Moreover, representing the learning materials and their 

questions by semantic keywords in the ontology will allow the instructor to assign and mark the 

description questions for the learner during the learning process. The semantic keywords could be 

used to evaluate the learner’s performance by using reasoning which is one of the features of semantic 

web.  

The following steps are the steps that are used to evaluate the learner’s performance using ontology: 

Step1: Calculate the semantic value for the semantic keyword in each of learning materials. 

Step2: Represent the learning materials along with their semantic keywords and semantic 

values in the form of ontology. 

Step3: Assign description questions to the learners to evaluate their acquired knowledge. 

Step4: Score the answer of the description questions using the semantic keywords in the 

learning materials’ ontology. 

Step5: Update the learners’ profile by inferring the concepts learned and concepts to be 

learned during the learning process. 

III. SEMANTIC VALUE CALCULATION: 

In order to use the description questions to evaluate the learner’s performance, we assume that the 

learning materials (chapter or courseware) and question bank are described in the ontology along with 

their semantic keywords. These semantic keywords have a semantic value according to the 

importance of the semantic keywords in the learning materials and it might be different from learning 

material to other. The computation for the important keywords in the courseware begins with 

eliminating the stop word and common English words. This step is to reduce the total number of 

keywords in the keywords-courseware list. Then the expert lecturer will select the important 

keywords among all the keywords in the keywords-courseware list to avoid the occurrence of 

unrelated keywords in the courseware. We construct the keywords-courseware list using the Vector 
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Space Model by computing the keywords’ semantic value for each courseware. The keywords and 

their occurrence frequencies are represented in the matrix A as follows: A = K × Q Keyword-

courseware matrix is k*q matrix, where K is keywords in Q courseware. This matrix represents one-

row matrices and one-column matrices and these represent the vector. The Frobenius Norm of matrix 

(Euclidean Norm) is defined as the square root of the absolute squares of the matrix elements, which 

give the length of the vector. The semantic value SVcw

��

 for the ith keyword k
 in the jth courseware 

cw� is calculated according to the occurrence of the keywords in the courseware using Euclidean 

norm as follows: 

SVcw�
�� = ��

�∑ �������
       (1)   

Where k
 is the occurrence of the keyword k in the courseware j. In table 1 we have shown part of 

keywords-courseware list for the course-work of Java programming language, the course-work 

consists of eight course-wares and we have extracted total of 75 keywords for all course-wares. 

The semantic values of the keywords of the questions are different from courseware to other course-

wares depends on the importance of the keyword in the courseware. For example, the keywords 

private has the following semantic values (0.26858, 0.1411165, 0.636119, 0.155952, and 0.556815) 

for the courseware cw2, cw4, cw5, cw7 and cw9 respectively. The highest values for this keyword is 

in courseware cw5 because the learning materials in cw5 are contain of class and object topic. We 

have used the calculation of keywords semantic values to generate dynamic learning path sequencing 

for learner according to his course selection[13]. 

Table 1  keywords-courseware list 

Keyword cw1 cw2 cw3 cw4 cw5 cw6 cw7 cw8 

Array 0.348822 0.482561 0 0.543659 0 0 0.351984 0 

Boolean 0.811214 0.841768 0 0 0 0 0 0 

Character 0 0.369921 0 0 0 0 0 0.625712 

Class 0.219156 0.9114 0.387956 0.448325 0.343542 0.298392 0.123194 0.387943 

Data 0.29237 0.84176 0.771976 0.81259 0.339263 0 0 0.11125 

Implement 0.648972 0 0.231593 0.336244 0.353373 0.693742 0 0.437997 

Inheritance 0.486728 0.16835 0 0.141165 0.127224 0 0.211194 0 

Instance 0.486728 0 0 0.215757 0.161983 0 0 0.23777 

Interface 0 0 0.385988 0.758249 0.432568 0.146133 0 0.23777 

Object 0.811214 0.128668 0.787416 0.285874 0.262929 0 0 0.888585 

Private 0 0.26858 0 0.141165 0.636119 0 0.155952 0.556815 

Protected 0 0 0 0.28233 0.824792 0 0 0.375426 

Public 0.456693 0.112585 0.771976 0.33946 0.86717 0.18373 0.281587 0.437997 

Subclass 0.456693 0.857788 0.671976 0.28233 0.279892 0 0 0 

IV. ONTOLOGY FRAMEWORKS AND REASONING 

Semantic Web is the extension of the current web [7], which built for the goal of better enabling 

machine and human to work in cooperation. The semantic web annotated the content with formal 

semantic. This make the content suitable for machine consumption which is intended built for human 

consumption and enable automated agents to reason about web contents and produce an intelligent 

response. There are various Semantic web languages for knowledge representation and semantic web 

reasoner to infer over it are available [14].Ontology is the backbone of Semantic web which appears 

as promising technology to implementing e-learning.  

The Ontology is an explicit specification of conceptualization to describe and represent an area of 

knowledge. The concepts, their relationships and properties of concepts are expressed in ontology in 

hierarchical structure, the ontology provides a way to encode knowledge and semantic such that the 

machine can understand. Ontology enables to annotate the learning materials semantically. OWL 

(Web  Ontology  Language) is a standard for representing knowledge on the Web with a focus on 

both making these documents compatible with Web standards and on being useful for the modeling of 

knowledge using past research on ontologies  and reasoning[15].  
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In this section we present the ontology frameworks developed to use in e-leaning environment to 

evaluate the learner’s performance. The main components of our frameworks ontology are eBook and 

Person ontologies. The ontologies are developed using OWL-DL in Protégé editor. 

4.1. eBook Ontology 

Figure 1 shows the mapping ontologies diagram of eBooks their relationships to other components. 

The class EBOOK used to annotate the resource which is a book. The class EBOOK has one subclass 

is chapter; two object properties are haschapter, andhasAnother; and four Data property: 

hasPublisher, hasLanguage, hasData and hasBookTitle . The subclass chapter has seven subclass are 

course material, example, assignment, test, image, table, exercise and SemanticKeywords; data 

properties are hasConcepts, DifficultyLevel, hasSemanticValue, and hasPrice which we are going to 

use in this work.. 

 
Figure 1 the mapping ontology diagram for the EBOOK ontology 

The object property has Author identifies the Author. The author, lecturer and Learner and their role 

are defined in Person ontology. 

The class chapter is used to describe the content fragments. The data property hasConcepts holds the 

information of the contents available in particular chapter in “Java programming language “book, 

chapter titled “Interfaces_and_Inheritance” has the following concepts: ”Implementing an 

Interface”,”Inheritance”,”Overriding and Hiding Methods”,”Polymorphism”,”HidingFields”,”Using 

the Keyword super”,”Object as a Superclass”,”Writing Final Classes and Methods”,”Abstract 

Methods and Classes”. Chapter represents different type of materials. It means that the materials 

might be a study materials (concepts) or examination materials (pre-test and final test), Chapter and 

PreTest and FinalTest are related through hasPreTest and hasFinalTes propertiesrespectively. The 

data property DifficultyLevel identifies how hard the chapter or learning materials are to work with. 

The measure of the difficulty of the materials is based on how many semantic keywords in the 

learning materials and how much the semantic values the chapter or the learning materials is currying, 

we identified three levels namely Low, Medium and Hard. The data property hasSemanticValue gives 

the weight of the chapter based on the importance keywords in the chapter as we computed in 

previous section. The subclass semantic keywords identify all the semantic keywords in the chapter 

along with their semantic values, these semantic keywords might be assign to the questions of pretest 

or/and final test. The prices of the chapters are assigned by the Service provider as the money the 

consumer (learner) is willing to pay for the chapter and it represents in the property hasPrices. The 

property hasKeywords and hasConceptsare  a list of important keywords and concepts in the chapter 

respectively. 

4.2. Person Ontology: 
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The person ontology presents three types of users namely, Learner, Author and Lecturer and their 

relationship with other components in the framework figure 2. The learner has different learning 

styles and different performance. In the ontology we present the performance of the learners as 

subclass of learner class.  The performance of the learner during the learning process is measured by 

the acquired concept. In the performance class we have defined threesubclassess: 

Backgroundknowledge, ConceptLearned and ConceptToBeLearned subclass.  

The Backgroundknowledge subcalss contain the semantic keywords of the concepts the learner know 

before joint to the course. A pretest is assigned to the learner to evaluate his background knowledge. 

The semantic keywords of the question’s answer of the pretest are stored as instance of Background 

knowledge subclass of the particular learner. The ConceptLearned contain the semantic keywords of 

the concept learned during the learning process, these semantic keywords are stored as instance of 

ConcpetLearned after evaluate the Final Test of each courseware learned. The semantic keywords in 

ConceptToBeLearned represent the concepts which are left and the learner should to learn them. 

These semantic keywords are inferred during the learning process to evaluate the learner’s 

performance, and the instances of the ConceptToBeLearned subclass are not instances of the 

Backgroundknowledge subclass neither the conceptLearned.  

 
Figure 2 the mapping ontology diagram for the Person ontology   
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4.3. Reasoning Rules: 

Reasoning is important in Ontolgies and Knowledge base especially in deriving or inferring facts that 

are not expressed in ontology or in knowledge base explicitly.  An OWL in the abstract syntax is 

contains of sequence of Axioms and facts. The rule consists of an antecedent and a consequent, each 

of which consists of sets of atoms (possible empty). The rule has the syntax form (Antecedent � 

Consequent).  For example, in the family ontology includes Person, Man, Woman and Child, and 

relationship such as hasSibling.  A rule that defines Brother involving Person and Man can be written: 

Person(?p) ∧hasSibling(?p, ?y) ∧ Man(?y) �hasBrother(?p, ?y)   

hasBrother relation cannot be expressed by OWL Ontology directly because OWL has limitations in 

reasoning. 

SWRL (Semantic Web Rule Language) is defined to combine OWL ontology (DL, Lite) 

sublanguages with Rule Markup language. SWRL extends the set of OWL axioms to include Horn-

like rules, enabling the combination of SWRL rules and OWL knowledge base[16]. 

In this work we have used Protégé together with “SWRLTab” plug-in to enable domain editing, 

construct, management, visualization and reasoning the ontology. a free open-source ontology editor 

developed by the Stanford Medical Informatics (SMI) at Stanford University [17], which is an 

integrated software environment for system developer and domain experts to develop knowledge base 

system. “SWRLTab” is Protégé’s plug-in which supports the editing and executing SWRL rules and it 

includes a set of libraries that can be used in rules. It also provides OWL query language through 

SQWRL [14].  SWRLTab is the bridge between the OWL model and SWRL rules and JESS (Java 

Expert System Shell) rule engine. Moreover, we have used OWL-API to execute this rules from java 

platform [18]. 

We have developed several SWRL rules for inferring the relationships between individuals figure 3. 

Here we present some of the rules: 

• This rule is to infer the chapters that have semantic value greater than “7” in ebooks provided 

from different SPA’s is as follow: 

Chapter(?chpt) ∧hasSemanticValue(?chpt, ?swv) ∧swrlb:greaterThan(?swv, 7) →  Chapter(?chpt) 

This rule is to infer the Author name for chapter in ebook is  

hasChapter(?x1, ?x2) ∧ EBOOK(?x2) →  hasAuthor(?x1, ?x2) 

This rule is applied to identify the authors in which subject their books.  

Author(?pr) ∧isAuthorOf(?pr, ?eb) ∧hasSubject(?eb, ?sub) → AuthorInSubject(?pr, ?sub) 

This rule is applied to identify the SPAs and their support subjects 

SPA(?sp) ∧hasSearchin(?sp, ?eb) ∧hasSubject(?eb,?sub) → SPAinSubject(?sp,?sub) 

• This rule is applied to infer the concept that the learner_1 have to learn during the leaning process.  

Learner(Learner_1) ∧ hasPerformance(Learner_1, ?x) ∧ hasConceptToBelearned(?x, ?y) →  

hasKnowledge(?x, ?w) 
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Figure 

V. LEARNER’S PERFORMANCE 

EXTRACTION 

We can evaluate of the learner’s performance during the learning process by measuring the acquired 

knowledge after completing each chapter/learning materials. In this context 

allowed the learner to search for the learning material

coursework according to his capability and preferences (difficulty level, price, semantic value). A 

pretest is assigned to the learner to measure his background knowledge before proceeding to the 

learning process, and the result of this pretest is saved to the learner’s profile in the person ontology. 

We have proposed a method to compute the score of the test

extracting. The semantic keywords that the learner has learned is consider a

learner has acquired. We extract the semantic keywords from the question’s answer to evaluate the 

acquired knowledge then we calculate the score for the question’s answer as in equation

score � ∑ sv�

��

Where sv
 is the semantic value of the semantic keyword i in the ontology, 

answer, p
 is the position of the semantic keywords in the ontology. 

semantic keyword in the answer and n  is the t

answer.  
Table 

Learner Semantic 

Keyword 
First 

position

Learner 1 

class 1 

superclass 2 

subclasses 3 

attributes 4 

behaviour 5 

Learner 2 

class 1 

superclass 2 

subclasses 4 

attributes 5 

behaviour 3 

Learner 3 

class 1 

superclass 2 

subclasses 4 
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Figure 3  SWRLTab in Protégé for infer rules 

ERFORMANCE EVALUATION USING 

We can evaluate of the learner’s performance during the learning process by measuring the acquired 

knowledge after completing each chapter/learning materials. In this context we proposed 

allowed the learner to search for the learning materials from different recourses and compose the 

coursework according to his capability and preferences (difficulty level, price, semantic value). A 

pretest is assigned to the learner to measure his background knowledge before proceeding to the 

and the result of this pretest is saved to the learner’s profile in the person ontology. 

We have proposed a method to compute the score of the test’s questions based on 

extracting. The semantic keywords that the learner has learned is consider as the knowledge the 

extract the semantic keywords from the question’s answer to evaluate the 

calculate the score for the question’s answer as in equation

sv
 ∗
�

�!"#$%& '()�
∗ *1 , log/"|p
 , cp
|1  

is the semantic value of the semantic keyword i in the ontology, tl is the total length of the 

is the position of the semantic keywords in the ontology. cp
 is the current position of the 

semantic keyword in the answer and n  is the total number of matches semantic keywords in the 

Table 2 Performance evaluation for 4 learners 

position 

Frequency 

of 

occurrence  

Semantic 

Value 

Frequency 

weight 

Position 

weight

5 0.9 1.473197445 1 

4 0.8 1.382495573 1 

10 0.7 1.850274154 1 

3 0.5 1.280829711 1 

2 0.64 1.160544085 1 

Score 

2 0.9 1.160544085 1 

7 0.8 1.6349379 1 

3 0.7 1.280829711 0.861664811

1 0.5 1 0.861664811

2 0.64 1.160544085 0.780743913

Score 

7 0.9 1.6349379 1 

3 0.8 1.280829711 1 

4 0.7 1.382495573 0.861664811
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VALUATION USING KNOWLEDGE 

We can evaluate of the learner’s performance during the learning process by measuring the acquired 

proposed a system that 

s from different recourses and compose the 

coursework according to his capability and preferences (difficulty level, price, semantic value). A 

pretest is assigned to the learner to measure his background knowledge before proceeding to the 

and the result of this pretest is saved to the learner’s profile in the person ontology. 

based on knowledge 

s the knowledge the 

extract the semantic keywords from the question’s answer to evaluate the 

calculate the score for the question’s answer as in equation 2: 

  (2) 

is the total length of the 

is the current position of the 

otal number of matches semantic keywords in the 

Position 

weight 
Score 

1.325878 

1.105996 

1.295192 

0.640415 

0.742748 

9.562615 

1.04449 

1.30795 

0.861664811 0.772552 

0.861664811 0.430832 

0.780743913 0.579896 

7.739047 

1.471444 

1.024664 

0.861664811 0.833873 
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attributes 5 7 0.5 1.6349379 0.861664811 0.704384 

behaviour 3 6 0.64 1.556641376 0.780743913 0.777816 

Score 9.004888 

Learner 4 

class 1 20 0.9 2.486787 1 2.238109 

superclass 0 0 0.8 1 0 0 

subclasses 0 0 0.7 1 0 0 

attributes 0 0 0.5 1 0 0 

behaviour 0 0 0.64 1 0 0 

Score 4.188104 

We have assumed that the occurrence of semantic keywords in the answer should be in specific 

sequence. Also we have considered the frequency of occurrence of each semantic keyword in the 

answer. Each semantic keyword appear in the pretest’s answer is consider to be background 

knowledge and store in the learner’s profile as BackgroundConcepts. In table 2 we are showing the 

normalized score for four learners for the question “What is an Inheritance?” to demonstrate the 

performance evaluation by knowledge extracting. From table 2 we can observe that answer from 

learner 1 contains the five semantic keywords and he has written them in his answer in proper 

sequence. Learner 2 and learner 3 have written the semantic keywords in the same sequence but the 

length of the answer of learner 3 in longer than the answer from leaner 2. Finally the answer of learner 

4 contains only one semantic keywords and his score is low. 

The same calculation is used to compute the result of the final test which is assign to the learner after 

completing each courseware. The result of the final test is stored in the leaner’s profile as 

ConceptLearned. The reasoning rules are used to infer the concept to be learned from the learner’s 

profile in person ontology, the result of these rules is based on the semantic keywords of the 

background concept and concept leaned. The next courseware will assign to the learner according to 

his performance and his background, the courseware will be contain the semantic keywords that infer 

using reasoning. 

Representing the E-learning using Semantic web technology by adding annotation to the learning 

contents will add description to them. Moreover, representing the learning materials and their 

questions by semantic keywords in the ontology will allow the instructor to assign and mark the 

description questions for the learner during the learning process. The semantic keywords could be 

used to evaluate the learner’s performance by using reasoning which is one of the features of semantic 

web.  

VI. CONCLUSIONS AND FUTURE WORK 

Learner’s performance evaluation is one of the most frequent activities in both conventional learning 

and e-learning systems, representing the E-learning contents in form of ontology by describe the 

learning materials along with their semantic keywords will allow the semantic access and search for 

the learning materials. We have used learning materials’ ontology to score the description questions 

and evaluate the learner’s performance. The evaluating is based on extracting the semantic keywords 

which represent acquired knowledge of the contents from the learners’ during test and updates the 

learners’ profiles. Reasoning is used to infer the concepts learned and the concepts to be learned by 

the learner according to the semantic keywords of the concepts. Using reasoning and acquired 

knowledge extracting we can assign the next courseware to the learner.  

Assigning individual course to the learners according to their interest, background knowledge, 

learning goals, preference and style is applied in some of the e-learning systems, for future work, 

however, this personality of learning need to provide individual test according to the acquired 

knowledge by the learner for different test type such as analysis, description and reasoning questions 

and combination of them. 
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ABSTRACT 

Concrete is the most critical element applied in public infrastructure/buildings and is often difficult to service, 

yet requires lengthy service periods. Recent research has shown that specific species of bacteria can actually be 

useful as a tool to repair cracks in already existing concrete structures. This new concrete, that is equipped to 

repair itself, presents a potentially enormous lengthening in service-life of public infrastructure/buildings and 

also considerably reduces the maintenance costs. In addition, concrete by its nature is very prone to 

deformations that expose its reinforcements, corroding them. Self-healing concrete offers a solution to prevent 

this. A novel eco friendly self healing technique called Biocalcification is one such approach on which studies 

were carried out to investigate the crack healing mechanism in enhancing the strength and durability of 

concrete. Microbiologically induced calcite precipitation (MICP), a highly impermeable calcite layer formed 

over the surface of an already existing concrete layer, due to microbial activities of the bacteria (Bacillus 

subtilis JC3) seals the cracks in the concrete structure and also has excellent resistance to corrosion. 

KEYWORDS: Biominerilization, Calcium Carbonate, Bacillus subtilus, Self-healing concrete, bacterial 

concrete 

I. INTRODUCTION 

Concrete is a vital building material that is an absolutely essential component of public infrastructure 

and most buildings. It is most effective when reinforced by steel rebar, mainly because its tensile 

strength without reinforcement is considerably low relative to its compressive strength. It is also a 

very brittle material with low tolerance for strain, so it is commonly expected to crack with time. 

These cracks, while not compromising structural integrity immediately, do expose the steel 

reinforcement to the elements, leading to corrosion which heightens maintenance costs and 

compromises structural integrity over long periods of time. That being said, concrete is a high 

maintenance material. It cracks and suffers serious wear and tear over the decades of its expected term 

of service. It is not flexible and cannot handle significant amounts of strain. Standard concrete will 

bear up to approximately 0.1% strain before giving out [1]. Self-healing concrete in general seeks to 

rectify these flaws in order to extend the service life of any given concrete structure. There is a 

material in the realm of self-healing concrete in development, now, that can solve many of the 

problems commonly associated with standard concrete. This material is bacterial self-healing 

concrete. Self-healing concrete consists of a mix with bacteria (Bacillus subtilus) incorporated into the 

concrete and calcium lactate food to support those bacteria when they become active. The bacteria, 

feeding on the provided food source, heal the damage done and can also reduce the amount of damage 

sustained by the concrete structure in place [2]. This paper will also explain, in-depth, the processes 

that are behind bacterial self-healing in concrete and will describe the many components that are 
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included in the process and how they work independently and collectively. This paper will also delve 

into practical applications of this self-healing method, including real-world integrations in currently 

standing structures. Sustainability and economics of these materials will also be discussed, as this new 

improvement on the staple building material, yet often taken for granted, of our modern civilization 

presents an opportunity to both reduce the environmental and financial impact of concrete production 

and its wide array of applications. 

II. THE BIOLOGICAL SELF-HEALING PROCESS 

It is important to cover what kinds of bacteria will live in the concrete, how they work to improve the 

longevity of public infrastructure, what the catalyst will be that causes the chemical reaction in the 

bacteria, what happens to the specific kinds of specialized bacteria when exposed to the catalyst, and 

how they work together to not only heal cracks before they form, but also strengthen the overall 

structure they are incorporated into. When the bacteria are exposed to the air and the “food,” the 

bacteria go through a chemical process that causes them to harden and fuse, filling in the crack that 

has formed, strengthening the structure of the concrete, and adhering to the sides of the crack to seal 

the damage site. This process extends the lifespan of the structure while also fixing the damage 

caused. The process of healing a crack can take as little as a few days [3].  

When we look at the crack sizes, we generally are looking in then micro- to nano meter range to 

maximize the healing potential. Concrete constructions are currently designed according to set norms 

that allow cracks to form up to 0.2 mm wide [4][5]. Such micro cracks are generally considered 

acceptable, as these do not directly impair the safety and strength of a construction. Moreover, micro 

cracks sometimes heal themselves as many types of concrete feature a certain crack-healing capacity. 

Research has shown that this so called ‘autonomous’ healing capacity is largely related to the number 

of non-reacted cement particles present in the concrete matrix[7]. On crack formation, ingress water 

reacts with these particles, resulting in closure of micro cracks. However, because of the variability of 

autonomous crack healing of concrete constructions, water leakage as a result of micro crack 

formation in tunnel and underground structures can occur. While self-healing of 0.2 mm wide cracks 

occurred in 30% of the control samples, complete closure of all cracks was obtained in all bacteria-

based samples. Moreover, the crack sealing capacity of the latter group was found to be extended to 

0.5 mm cracks. 

The basic concept behind our specific version of self-healing concrete is utilizing certain types of 

bacteria (in the present case bacillus subtilus) and how they function to seal microscopic cracks in the 

concrete before they grow into larger and harder to manage cracks and breaks. This biocalcification 

process involves several elements, working in unison, to complete these tasks. During the process the 

enzymatic hydrolysis of urea takes place forming ammonia and corbondioxide. Urease which is 

provided by bacteria deposits CaCo3, a highly impermeable calcite layer, over the surface of an 

already existing concrete layer which is relatively dense and can block cracks and thus hamper ingress 

of water efficiently increasing corrosion resistance and consequently increasing the strength and 

durability of concrete structures[8]. MICP is a complex mechanism and is a function of cell 

concentration, ionic strength, nutrient and pH of the medium. Modern techniques such as X-ray 

diffraction tests, TEM & SEM analysis can be used to quantify the study of stages of calcite 

deposition on the surface and in cracks [9]. 

III. HOW DOES BACTERIA REMIDIATE CRACKS 

When the concrete is mixed with bacteria (bacillus subtilus), the bacteria go into a dormant state, a lot 

like seeds. All the bacteria need is exposure to the air to activate their functions. Any cracks that 

should occur provide the necessary exposure. When the cracks form, bacteria very close proximity to 

the crack, starts precipitating calcite crystals. When a concrete structure is damaged and water starts to 

seep through the cracks that appear in the concrete, the spores of the bacteria germinate on contact 

with the water and nutrients. Having been activated, the bacteria start to feed on the calcium lactate 

nutrient. Such spores have extremely thick cell walls that enable them to remain intact for up to 200 

years while waiting for a better environment to germinate. As the bacteria feeds oxygen is consumed 

and the soluble calcium lactate is converted to insoluble limestone. The limestone solidifies on the 
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cracked surface, thereby sealing it up. Oxygen is an essential element in the process of corrosion of 

steel and when the bacterial activity has consumed it all it increases the durability of steel reinforced 

concrete constructions. Tests all show that bacteria embedded concrete has lower water and chloride 

permeability and higher strength regain than the surface application of bacteria.     

The last, but certainly not least, key component of the self-healing concrete formula is the bacteria 

themselves. The most promising bacteria to use for self-healing purposes are alkaliphilic (alkali-

resistant) spore-forming bacteria. The bacteria, from the genus Bacillus, subtilus is adopted for present 

study. It is of great concern to the construction industry whether or not these bacteria are “smart” 

enough to know when their task is complete because of safety concerns. Bacillus Subtilus which is a 

soil bacterium (isolated from JNTUH soil) is harmless to humans as it is non-pathogenic 

microorganism.  

3.1 Chemistry of the Process 

Microorganisms (cell surface charge is negative) draw cations including Ca
2+

 from the 

environment to deposit on the cell surface. The following equations summarize the role of 

bacterial cell as a nucleation site 

Ca
2+

 + Cell --------> Cell- Ca
2+

 

Cell- Ca
2+

 +CO3
2-

----> Cell-CaCO3 

The bacteria can thus act as a nucleation site which facilitates in the precipitation of calcite 

which can eventually plug the pores and cracks in the concrete. This microbiologically 

induced calcium carbonate precipitation (MICCP) comprises of a series of complex 

biochemical reactions. As part of metabolism, B.Subtilus produces urease, which catalyzes 

urea to produce CO2 and ammonia, resulting in an increase of pH in the surroundings where 

ions Ca
2+ 

and CO3

2- 

precipitate as CaCO3 [10].  

These create calcium carbonate crystals that further expand and grow as the bacteria devour 

the calcium lactate food. The crystals expand until the entire gap is filled. In any place where 

standard concrete is currently being used, there is potential for the use of bacterial self-

healing concrete instead. The advantage of having self-healing properties is that the perpetual 

and expected cracking that occurs in every concrete structure due to its brittle nature can be 

controlled, reduced, and repaired without a human work crew. Bacterial self-healing concrete 

also prevents the exposure of the internal reinforcements. This form of self-healing concrete 

was created to continuously heal any damage done on or in the concrete structure. It was 

made to extend the life span of a concrete structure of any size, shape, or project and to add 

extra protection to the steel reinforcements from the elements. With this process, money can 

be saved, structures will last far longer, and the concrete industry as a whole will be turning 

out a far more sustainable product, effectively reducing its CO2 contribution.  

IV. EXPERIMENTAL PROGRAM 

The main aim of the present experimental program is to obtain specific experimental data, which 

helps to understand the crack healing ability of Bacterial concrete and its characteristics (Strength and 

Durability).This experimental program is categorized into four phases: 

Phase 1: Culture and Growth of Bacillus subtilus 

Phase 2: Evaluation of compressive strength enhancement in Bacterial concrete specimens 

Phase 3: Evaluation of Durability enhancement in Bacterial concrete specimens 

Phase 4:  Microscopic analysis of CaCo3 precipitation in Bacterial concrete specimens 

4.1 Materials Used 

The following are the details of the materials used in the investigation: 

4.1.1 Cement 
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Ordinary Portland cement of 53 grade available in local market is used in the investigation. The 

cement used has been tested for various properties as per IS: 4031-1988 and found to be confirming to 

various specifications of IS: 12269-1987 having specific gravity of 3.0. 

4.1.2 Fine Aggregate 

Locally available clean, well-graded, natural river sand having fineness modulus of 2.89 conforming 

to IS 383-1970 was used as fine aggregate. 

4.1.3 Coarse Aggregate 

Crushed granite angular aggregate of size 20 mm nominal size from local source with specific gravity 

of 2.7 was used as coarse aggregate. 

4.1.4 Water 

Locally available potable water conforming to IS 456 is used. 

4.1.5 Microorganisms 

Bacillus subtilis JC3, a model laboratory Soil bacterium which is cultured and grown at JNTUH 

Biotech Laboratory was used. 

4.1.6 Mix Design 

The mix proportions for ordinary grade concrete and standard grade concrete are designed using IS: 

10262-1982. Materials required for 1 cubic meter of concrete in ordinary grade concrete and standard 

grade concrete are:  

Ordinary grade concrete 

(M20) 

Standard grade concrete 

(M40) 

High grade Concrete 

      (M60) (M80) 

Mix proportion 

1: 2.43: 3.48: 0.55 

Mix proportion 

1: 1.76: 2.71: 0.45 

Mix proportion 

1:1.24:2.41:0.28 

Mix proportion 

1:1.06:1.96:0.26 

 

V. RESULTS AND DISCUSSION 

Table 1 summarizes the 3 days, 7 days and 28 days compressive strength of the mortar cubes 

containing different cell concentration of alkaliphilic microorganism (Bacillus subtilus). The greatest 

improvement in compressive strength occurs at cell concentrations of 10
5
 cells/ml for all ages: this 

increase reaches to 16.15 % at 28 days. This improvement in compressive strength is due to 

deposition on the microorganism cell surfaces and within the pores of cement–sand matrix, which 

plug the pores within the mortar. The extra cellular growth produced by the microorganism is 

expected to contribute more to the strength of cement mortar with a longer incubation period and thus 

the strength improvement is found to be more at 28 days. Even the dead cells may simply remain in 

the matrix as organic fibers. Quantification and Characterization was done using Scanning Electron 

Micrograph analysis, only to be noted that cracks are sealed up by crystalline material grown over the 

surface due to microbial activity of the bacteria. 

Table 1: Effect of Bacillus subtilis, JC3 bacteria Cell Concentration on Strength 

Cell concentration/ml of mixing 

water 

Compressive Strength of Cement Mortar in MPa 

7 days %  Increase 14 days % Increase 28 days %  Increase 

Nil (control) 37.32 - 44.10  51.81 - 

10
4
 41.68 11.68 45.23 2.56 58.02 11.99 

10
5
(optimum)

 
45.02 20.63 49.21 11.59 61.79 16.15 

10
6
 43.09 15.46 47.69 8.14 57.21 10.42 

10
7
 40.11 7.48 45.97 4.24 54.66 5.51 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

396 Vol. 4, Issue 2, pp. 392-399  
 

To study strength characteristics standard cubes (100mm x 100mm x 100mm) with and without 

bacteria were casted and tested as per IS Code. The compressive strengths of ordinary, standard and 

high grades are tabulated as shown in Table 2. The increase in compressive strength in bacteria 

induced specimens is nearly 23% than controlled specimens. For higher grades of concrete, the 

improvement in compressive strength is observed to be more. Scanning Electron Microscopy (SEM) 

and X-ray diffraction analyses was done on broken samples of both controlled and bacterial 

specimens of age 28 days as shown in Figure 1 and 2. 

Table 2: Effect of the Bacillus subtilis, JC3 bacteria addition on Compressive Strength 

Age 

( No. of days ) 

Compressive Strength (MPa) at 28 days 

Controlled Concrete 

(MPa)
 

Bacterial Concrete 

(MPa)
 

% 

Increase 
 

Ordinary grade concrete (M20) 28.18 32.74 16.18 

Standard grade concrete (M40) 51.19 60.17 17.54 

High grade Concrete (M60) 72.61 94.21 29.75 

High grade Concrete (M80) 93.8 119.2 27.08 

To study durability characteristics, the specimens are subjected to 5% solution of HCL and H2SO4. 

For determining the resistance of concrete specimens to aggressive environment such as acid attack, 

the durability factors are proposed by the author, with the philosophy of ASTM C 666–1997, as the 

basis. In the present investigation, the author derived the “Acid Durability Factors” directly in terms 

of relative strengths. The relative strengths are always with respect to the 28 days value (i.e. at the 

start of the test). The “Acid Durability Factors” (ADF) can be designed as follows. 

Acid Durability Factor (ADF) = Sr (N / M) 

where, Sr = relative strength at N days, ( % )N = number of days at which the durability factor is 

needed and M = number of days at which the exposure is to be terminated. 

Acid attack test was terminated at 90 days. So, M is 90 in this case. The extent of deterioration at each 

corner of the struck face and the opposite face is measured in terms of the acid diagonals (in mm) for 

each of two cubes and the “Acid Attack Factor” (AAF) per face is calculated as follows. 

AAF = (Loss in mm on eight corners of each of 2 cubes) / 4 

Acid Durability Factors (ADF), Acid Attack Factors (AAF), percentage weight loss and strength loss 

at 30, 60 and 90 days of immersion are evaluated and tabulated in Table 3 and 4. 

 

                               
     Controlled Specimen                                   Cell Concentration – 10

5
/ml (Optimum) 

Figure 1: Magnified SEM Micrographs: Hydrated Structure of Cement-sand Mortar without Bacteria 

and with Bacteria 
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Figure 2: Energy-dispersive X-ray spectrum of the microbial precipitation shows the abundant presence of Ca 

and precipitation was inferred to as calcite (CaCO3) crystals 

Table 3: Weight loss and Strength loss in acid immersion test on different grades of Concrete 

 
Table 4: Acid Durability Factors and Acid Attack Factors of different grades of Concrete 

Grades of 

Concrete 
 

Days of 

Immersion 

Immersion in 5% H2SO4 Immersion in 5% HCL 

% Weight 

loss 

% loss in 

Compressive 

Strength 

% Weight 

loss 

% loss in 

Compressive 

Strength 

M 20 

 

Controlled 

Concrete 

30 0.99 2.80 0.97 0.53 

60 3.17 7.77 2.93 2.62 

90 6.65 12.46 4.59 4.89 

Bacterial 

Concrete 

 

30 0.79 0.67 0.51 0.40 

60 2.70 4.12 2.30 2.17 

90 5.60 7.61 3.80 4.01 

M 40 

 

Controlled 

Concrete 

30 1.14 0.94 0.55 0.43 

60 5.59 7.93 2.46 1.92 

90 8.87 16.48 4.75 3.56 

Bacterial 

Concrete 

 

30 0.91 0.68 0.48 0.32 

60 4.66 4.92 2.10 1.71 

90 7.73 10.2 3.88 3.01 

M 60 

 

Controlled 

Concrete 

30 1.02 1.11 0.35 0.36 

60 4.53 5.63 2.12 1.09 

90 7.56 12.31 3.62 2.30 

Bacterial 

Concrete 

30 0.85 0.75 0.23 0.17 

60 2.33 3.21 2.11 0.93 

90 6.03 8.23 2.36 1.86 

M 80 

 

Controlled 

Concrete 

30 0.82 0.96 0.16 0.22 

60 2.59 5.21 1.02 0.85 

90 4.26 11.05 2.11 1.64 

Bacterial 

Concrete 

 

30 0.53 0.46 0.15 0.13 

60 1.60 2.13 0.86 0.56 

90 2.95 5.62 1.23 0.95 

Grades of 

Concrete 
 

Days of 

Immersion 

Immersion in 5% H2SO4 Immersion in 5% HCL 

ADF AAF ADF AAF 

M 20 

 

Controlled 

Concrete 

30 27.77 0.22 28.42 0.23 

60 52.70 0.72 55.65 0.64 

90 75.03 1.16 81.52 0.99 

Bacterial 

Concrete 

 

30 28.38 0.16 28.48 0.19 

60 54.79 0.59 55.90 0.51 

90 79.19 0.94 82.28 0.90 

M 40 

 

Controlled 

Concrete 

30 28.30 0.19 28.45 0.19 

60 52.61 0.78 56.05 0.59 
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VI. CONCLUSIONS 

Based on the present experimental investigations, the following conclusions are drawn: 

Deposition of a layer of calcite crystals on the surface of the specimens resulted in a decrease of 

permeability of water and other liquids in concrete.  

The addition of Bacillus subtilis bacteria improves the hydrated structure of cement in concrete for a 

cell concentration of 10
5
 cells per ml of mixing water. So, bacteria of optimum cell concentration of 

10
5
 cells per ml of mixing water was used in the investigation. 

The addition of Bacillus subtilis bacteria increases the compressive strength of concrete. The 

compressive strength is increased nearly 23% at 28 days for ordinary, standard and high grades of 

concrete when compared to controlled concrete.  

From the durability studies, the percentage weight loss and percentage strength loss with 5% HCl and 

5% H2SO4 revealed that Bacterial concrete has less weight and strength losses than the controlled 

concrete. Durability studies carried out in the investigation through acid attack test with 5% HCl and 

5% H2SO4 revealed that bacterial concrete is more durable in terms of “Acid Durability Factor” than 

conventional concrete and bacterial concrete is less attacked in terms of “Acid Attack Factor” than 

conventional concrete. 

From the above proof of principle, it can be concluded that Bacillus subtilis can be safely used in 

crack remediation of concrete structure. Bacillus subtilis (JC3) which is available in soil can be 

produced from laboratory which is proved to be a safe, non pathogenic and cost effective.  

 

VII. SCOPE OF FUTURE RESEARCH 

This study can be extended to evaluate the durability performance of the bacterial concrete in terms of 

Chloride penetration, porosity, elevated temperature studies and corrosion resistance studies. 
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ABSTRACT 

Web application development boils down to three major issues- Timelines, budget and the quality of the 

developed product. Minuscule and stringent deadlines and mostly limited budget have been an integral part of 

product development. Innovating products and improvising their quality has become a major challenge not only 

for small firms, but even for many larger establishments because of these constraints.  

This research focuses on how product development can be accelerated by using template systems and thereby 

allowing more time for innovation to the organizations. Furthermore, comparison of a popular templating 

system- server side templating is made with a relatively new templating system- client side templating. These 

templating techniques were applied on a few use cases of the web-application developed and their performance 

based effect was studied with respect to the level of data interactivity in them. An attempt is made to draw a 

conclusion as to what templating system would be best suited for the development of web applications keeping 

in mind the limited budget and at the same time maximizing the performance of the web application and dealing 

with premature scalability issues. 

KEYWORDS: Web Application, Templating, Client Side Template System, Server Side Template System  

I. INTRODUCTION 

A web application is an application that is accessed over a network such as the Internet or an intranet. 

The term may also mean a computer software application that is coded in a browser-supported 

language (such as JavaScript, combined with a browser-rendered mark-up language like HTML) and 

reliant on a common web browser to render the application executable [1]. 

As web based-applications become increasingly important to all aspects of life, there is a need to 

encourage practitioners to adopt best practices so as to improve the quality of the processes in use, 

and therefore achieve targets related to time, budget and quality. 

Most of web application development methodologies used these days are the extensions of standard 

software engineering methodologies. The usual waterfall model is too rigid an approach for 

developing web applications. The waterfall model process was perfect for developing a file 

maintenance program for mainframes, but far too restrictive a process for building a Web application. 

Web application development needs to be an iterative and progressive process. 

The Agile method of development is becoming increasingly popular with software firms as it 

decreases the development time and promotes evolutionary development besides promising a rapid 

and flexible response to change. It diminishes the overall risk as a working product is available at the 

end of each iteration. New “features” are added with every iteration. Templating systems can be used 

to add the new features because of the numerous advantages they offer. 

Section II attempts to explain templating systems and provides the working of the two major 

templating systems-The server side template system and the client side template system. Section III 

benchmarks these templating systems with respect to various levels of interactivity in web 

applications. Conclusion is discussed in section IV followed by future work in section V. 
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II. TEMPLATING SYSTEMS 

A web template system is used to process the web templates and produce web pages for deployment. 

At the heart of the web template system lays the template engine, which does the actual rendering of 

the web pages from the templates. The web page can be divided into many parts or templates. In other 

words, a combination of templates makes up a web page. 

 
Figure 1. Template System 

 

A web template system describes the methodologies used to produce web-pages with the help of a 

templating engine. The two major template systems are the server side and the client side systems. In 

the server side template model, the templates are rendered at the server itself and the mark-up 

generated is forwarded to client as opposed to the client side model where the mark-up is generated at 

the client side itself. The following diagram shows the working of the two template systems. 

 
Figure 2. A Server side (left) and a Client Side Template System 
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A survey on web based project development by the Cutter Consortium highlighted problems for Web-

based projects, which included the schedule delays which plagued the projects 79 percent of the time. 

Also, the deliverables were of poor quality 52 percent of time [2][3]. When we use templating system 

in agile development, we get a highly flexible model in which changes can be done as and when 

required and more templates can be added with each iteration. The different templates can be worked 

on in parallel by the developers. Since templates abstract the business logic from the presentation, you 

can also delegate the responsibilities of the presentation to designers. The designers can create and 

modify templates, and the developers can work in the logic almost simultaneously, resulting in much 

faster development and hence considerably lower development time. It is also easier to keep the 

presentation consistent. 

III. BENCHMARKING - RESULTS AND DISCUSSIONS 

Consider 4 web applications- one extremely interactive with data, another a little less data interactive, 

one barely interactive and one completely static. The observations on the following factors are 

presented for each of these web applications: 

3.1. Performance 

If you are making an interractive application in which you expect the JS code to interract with the 

data, which is the case with most of the web applications, full client rendering would be ideal as it 

minimises the number of request to the server resulting in increased performance. In client-side 

template systems, you just need the raw data that has changed. In server-side template systems, you 

are forced to send the entire section even if it might just be a single element that has changed. 

Eg- Consider a messaging app. If the whole app is rendered on the server, clicking on a tab in the app 

requires a lot of re-rendering- the app has to hit the server, render the HTML and return it. Now if the 

same app uses client side rendering, rather than getting rendered HTML from the server, it just gets 

the JSON for the chat, which is considerabily smaller in size, and renders it with Javascript at the 

client, therby saving a lot of bandwidth for the user resulting in increased performance. 

The following graphs illustrate for the different levels of data interactivity, the total relative time to 

transfer + render + display the web application for first few requests for both- server side and client 

side template systems. In each case, the 3
rd

 request for the cleint side template system is normalised to 

unity and all other requests are relative to this request. 

0

0.5

1

1.5

2

2.5

3

Request 1 (initial 

load)

Request 2 Request 3

Server Side Template System

Client Side Template System

 

Figure 3. Highly data interactive web app 
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Figure 4. Moderately data interactive web app 

 
 However, if you have more static content and an efficient server, a server side template system will 

be more advantageous as it won’t rely on client for rendering and transferring static content will take 

almost the same bandwidth with mark-up as with JSON. 

0

0.5

1

1.5

Request 1 (initial

load)

Request 2 Request 3

Server Side Template System

Client Side Template System

Figure 5. Barely data interactive web app 

 
For a completely static page, all the requests will essentially require the same time in both the 

template systems. 

 

3.2. Scalability 
Since the number of request to the server are minimised in the client side system, the same server is 

able to handle more users, making it somewhat more scalable. However if the web application is 

essentially static, the number of requests to the web server will be almost the same in both the 

template systems, scaling equally in both the cases. 

 

3.3. Abstraction and maintenece: 
The Javascript API separates concerns: HTML, CSS and Javascript are logically separated in their 

own files. This keeps mark-up and styling out of the Javascript logic, so adding functionality to the 

User Interface does not require adjusting the mark-up or the styles, and vice-versa. As a result, 

maintenance is easier in case of the client side template system. 

IV. CONCLUSIONS 

Web Application Development using template systems takes place at a much faster rate, which can 

help meet the rigorous deadlines. Except for the initial loading of the page, the client side template 

systems prove to be much faster than its server side counterpart and this difference is directly 

proportional to the amount of data interactivity -for small to medium sized data. Furthermore, if we 

use client side template systems, we can not only save on the additional servers required by the server 

side system, but also on the costly server side caching. Hence, the client side template system proves 

to be more beneficial than its server side counter-part in most of the cases. 
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However, the developers should use a fall-back approach if the time and budget constraints are not too 

stringent. In the fall-back approach, if web application uses client side template system, they should 

make sure that it safely fall-backs to a server side setup in case the client cannot render at its end due 

to disabled Javascript or any other reason. 

V. FUTURE WORK 

Research on hybrid template systems can be carried out to determine a sweet spot- the perfect balance 

of server and client side template systems with respect to data interactivity level of applications, so as 

to further improve the performance related aspects. 
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ABSTRACT 

In this paper, the security vulnerabilities of topology maintenance protocols namely PEAS, CCP which are used 

in sensor networks are analyzed. Each node in the network will be in either Sleep or Active State. In Active 

State, a node performs sensing coverage functionality, in sleep state a node will sleep for a random period of 

time. These protocols require message exchange between a node and its neighboring nodes, to enable the node 

to be in active or sleep state depending on the information it received in the message from its neighboring 

nodes. Thus these protocols are vulnerable to security attacks in which malicious nodes send spoofed or false 

messages between nodes to make a node remain in Active or in Sleep State for a longer time i.e. in non-selected 

periods of time which degrades the functionality of sensor application. If a node remains in active state or sleep 

state for a longer time i.e. in non-selected periods of time, either energy expenditure of the sensor node is 

increased or connectivity of network and   sensing coverage in a particular area is affected. Subsets of active 

nodes are to be maintained by the protocols to ensure network connectivity and sensing coverage for sensor 

networks (sensor applications). Three attacks against these protocols carried by an adversary to reduce the 

lifetime of the sensor network, and counter measures that make sensor network resilient to these attacks are 

described in this paper. 

KEYWORDS: Wireless Sensor Network, Energy Conserving Robust Network Protocol, Authentication, Data 

Integrity, Security. 

I. INTRODUCTION 

For the operation of wireless sensor networks, topology maintenance protocols are important. These 

protocols turnoff redundant nodes, maintain a subset of active nodes for the functionality of sensor 

application. To maintain connectivity of the network and to obtain sensing coverage in the sensor 

network deployment area, sufficient active nodes are required. Every node in the network decides to 

be in active or sleep state depending on the messages it received from its neighbor nodes .An 

adversary sends false messages, to make nodes remain in active or sleep state for longer time in non-

selected periods in order to degrade the functionality of sensor network. Three types of attacks are 

carried out by an adversary by inducing spoofed messages, namely sleep deprivation attack ,snooze 

attack, network substitution attack. Sleep Deprivation attack aim is to make a node remain in working 

state for a longer time which  yields to increased  energy expenditure of sensor nodes, and thus 

reduces the lifetime of the sensor network; Snooze attack  aim is to make a node remain in sleep state 

for a longer time, which results  in inadequate sensing coverage or  network connectivity; In  Network 

Substitution attack ,adversary takes control of  portion of  sensor network by using set of malicious 
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nodes. To prevent these attacks countermeasures are proposed which includes authentication 

mechanisms i.e .messages exchanged between nodes have to be authenticated. 

The rest of this paper is organized as follows: in Section 2.Related work is described, in Section 

3.Review of protocols is presented, in Section 4.Attacks, in Section 5. Counter Measures, in Section 

6. Results & Discussions, in Section 7.Conclusion & Future Work are described. 

II. RELATED WORK  

In this section topology maintenance protocols and attacks against these protocols are described. 

PEAS a robust energy-conserving protocol that can build long-lived resilient sensor networks using a 

very large number of small sensors with short battery lifetime.CCP maintains sensing coverage area 

of the network by keeping the number of active sensor nodes small to achieve long system life time 

.Both protocols maintain functionality of the network by keeping only a necessary set of sensors in 

working mode and the rest of nodes in sleep mode. Sensor nodes in the network do not maintain any 

information of their neighbors and topology .When a node wakes up, it needs to decide whether it 

should be in the working or sleep mode depending on the messages it has received from its neighbor 

node. The wake up frequency of sleeping  node is self-adjusted to maintain both working node density 

and to minimize energy consumption .If an adversary compromises a node ,all information related to 

cryptographic keys are captured. Therefore the attacker clones the identity of compromised   node and 

sends false messages to neighbors to make them remain in active or sleep state for a longer time. If a 

node remains in active state for a longer time in non-selected periods, energy expenditure of the 

sensor node is increased. If a node remains in sleep state for a longer time it affects connectivity of 

network and also reduces sensing coverage in a particular area. A node includes its Identity, Position 

and State of activity in its message and sends to its neighbor nodes, depending on which receiving 

node decides to be in active or sleep state .An adversary clones the identity of compromised nodes by 

sending false message to their neighbors which includes incorrect ID or position or state of activity, 

thereby making the node to be in active or sleep state for longer time, thus results in degraded 

functionality of sensor application. In Sleep deprivation attack adversary makes a node to be in 

working state until all its energy is consumed. In Snooze attack, adversary makes a node to be in sleep 

state for a longer time. In Network substitution attack adversary deploys set of nodes that are included 

in the set that has been elected by topology maintenance protocol to maintain network connectivity, 

thereby takes portion of the network under its control. All these three attacks are carried out by 

sending false messages to neighbors. Therefore the objectives of the topology maintenance protocol 

will not be achieved, thus leading to degraded functionality. 

III. BRIEF REVIEW OF PROTOCOLS 

3.1 BRIEF REVIEW OF PEAS 

PEAS operations can be classified into two sections namely: Probing Section and Sleeping Section. 

3.1.1 Probing Section 

Each node in the PEAS has three operational modes: Sleeping .Probing and Working. Initially few 

nodes will be in the Sleeping mode. Each node sleeps for an exponentially distributed duration 

generated by a Probability density function(PDF) ,f(Ts)=λ e
-λ Ts

, where λ is the probing rate of the 

node, which is adjusted according to the sleeping algorithm, this takes information carried in REPLY 

message as input and Ts denotes the length of sleeping time. PROBE and REPLY are the messages 

exchanged between nodes. A node in Sleeping mode waits until its sleeping time expires, and then, 

enters the Probing mode. In the Probing mode, a sensor tries to detect whether any working node is 

present within a probing range Rp. The probing node sends a PROBE message within a range of Rp, 

and any working node within Rp should respond with a REPLY message, which is also sent within the 

range of Rp. If the probing node receives a REPLY with the working time greater than its working 

time, it goes back to Sleeping mode, else if it receives REPLY with the working time lesser than its 

working time or no reply from its neighbors, it remains in working mode. When a node probes 

multiple working nodes may exist within range Rp. To reduce collisions, each working node waits for 

a small random period before it sends the reply .If the node does not hear any REPLY it stays in the 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

407 Vol. 4, Issue 2, pp. 405-414  
 

Working mode until all its energy is consumed. The Probing range Rp determines the redundancy of 

working nodes. 

3.1.2 Sleeping Section 

PEAS allows to adjust probing rate of sleeping nodes .Each working node measures the aggregate 

probing rate λ
^
 from all its sleeping neighbors. 

3.1.2.1 Aggregate probing rate measurement 

Each working node maintains two variables N and to ,where N is a counter that is incremented by 1 

each time a PROBE is received and  to  is  time when N is set to 0(i.e. initial time).When the counter 

reaches threshold value ,aggregate probing rate is calculated by using the below formula, 

λ
^
 =k/(t- to  ) 

where k is the threshold value i.e. maximum value(i.e. k=32)  up to which N can be incremented and 

‘t’ is the current time. The working node then includes the measured aggregate probing rate λ
^ 

and 

desired probing rate λd in its REPLY   in response to the PROBE.  

3.1.2.2 Updation of probing rate 

Upon receiving a REPLY message from the working node, the probing node updates its current 

probing rate  λ 
new  

based on the received aggregate probing rate λ
^ 
 i.e. 

λ
new 

=λ  (λd/λ
^
 ) ,where λ

^
 is the aggregate probing rate, λd is the desired probing rate ,λ is the old 

probing rate. 

f(Ts) = λ 
new 

 e
-λ new  (Ts ) 

,where f(Ts) is the new sleeping period generated according to the probability 

density function. 

 

Figure 1: Working Of PEAS 

3.2 BRIEF REVIEW OF CCP  

Each node in the CCP can be in one of the three states: Sleep, Listen, Active. In Sleep state, a node 

sleeps until its sleep timer Ts expires. Then it wakes up, it starts a listen timer TL and enters the 

LISTEN state. Here are some definitions required to be understood before going into Listen state. The 

sensing circle of a node ‘A’ is the set of nodes that are at some distant ‘x’ from node ‘A’. An 

intersection point is the intersection between two sensing circles, or is the intersection between the 

sensing circle of a node and the boundary of the area to be covered. The coverage eligibility rule is 

that a node ‘A’ is not eligible to become active if there is a node ‘B’ that is an intersection point 

between the sensing circles of two active nodes and is also within the sensing circle of node ‘A’ .In 

the LISTEN state, the node collects beacon messages, i.e., locally broadcast HELLO, WITHDRAW, 

and JOIN messages, and executes the coverage eligibility rule. Each node decides to be in active or 

sleep state by using the coverage eligibility rule and the information that is received in the beacon 

messages sent by its neighboring nodes. If the node is eligible, it enters the ACTIVE state and 
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broadcasts a JOIN message; otherwise, when TL expires, it starts a sleep timer Ts and goes back to the 

SLEEP state. In Active state, node remains till Tw expires, then starts receiving beacon message’s, and 

executes the coverage eligibility rule to determine its eligibility. If it is noneligible, it sends a 

WITHDRAW message and goes back to sleep, else remains in Active State.  

 

Figure 2: Working of CCP 

IV. ATTACKS ON BOTH PEAS & CCP 

4.1 SNOOZE ATTACK 

The goal of this attack is to keep all nodes in sleep state for a longer time in non-selected periods . An 

adversary within the probing range of a working node sends a forged REPLY. In the forged REPLY, 

Tw is set to the maximum value it can have. Each working node goes to sleep because it believes that 

there is another working node within its probing range and with a greater Tw(Working Time). Further, 

the adversary can use the λ
^ 

value included in the REPLY message to control the sleep schedules of 

other nodes. For instance, it can set a small λ
^ 

to make other nodes wake up very often and rapidly 

consume their energy. In order to disable the network during selected periods of time, the adversary 

can use a large value for λ
^
, and thus, make other nodes to sleep for a long time. 

4.2 SLEEP DEPRIVATION ATTACK 

The goal of this type of attack is to keep all nodes in working mode for a longer time in non-selected 

periods. The adversary puts all the nodes in sleeping mode by sending false message. When all the 

nodes wake up to probe, the attacker jams the network to prevent any of them from receiving a 

REPLY. Since none of them received REPLY, all the nodes go to Working mode. Thus an adversary 

makes all nodes to stay in working mode even in non selected period of time leading to increased 

energy expenditure of sensor node.  

4.3 NETWORK SUBSTITUTION ATTACK 

In this type of attack, the adversary takes control of the entire network or a portion of it by deploying 

set of malicious nodes in the set that has been elected by the topology maintenance protocol to 

maintain network connectivity or the sensing of the area. 

V. COUNTER MEASURES 

Proposed counter measures ensure authenticated communication between nodes. Messages  

exchanged between nodes in the TMPs are local broadcast messages, i.e., each node broadcasts 

messages to its  immediate neighbor  nodes .The aim of using authenticated communication  between  

nodes is to detect false messages injected  by an adversary. Proposed measure for PEAS  include 

pairwise key establishment with neighbor nodes ,sending message along with message authenticated 

code generated using  shared pairwise key .Proposed  measure for CCP  include  pairwise key 

establishment with neighbor nodes ,sending message along with a  key generated  from  LEAP’s One 

Way key chain mechanism for authentication purpose. Establishment of shared pairwise key is 

common for both (PEAS, CCP) proposed measure. Steps to establish shared pairwise keys is as 

below: 
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5.1 SHARED PAIRWISE KEYS ALGORITHM 

Step1: Controller generates an initial key KI and loads each node with this key. 

Step2: Node generates Master key from initial key i.e. node ‘x’ derives Kx=fKI(x) from KI. 

Step3: Node broadcasts HELLO message which contains its ID i.e. node ‘x’ sends x� *: x  to all  

neighbors. 

Step4: Node receives reply in response to HELLO from its neighbor, which contains neighbor ID and 

MAC i.e.  y�x:y,MAC(Ky,x | y) ;MAC is generated by  neighbor using its Master key. 

Step5:Node generates master key of neighbor , using ID of neighbor and initial key i.e. 

Ky=fKI(y),where ‘y’ is neighbor of  ‘x’. 

Step6:Node ‘x’ computes MAC by taking ID ‘y’ and Master key ‘Ky’ of neighbor. 

Step7:Node verifies reply, by comparing its(node’s) MAC and neighbor nodes MAC. If both MAC’s 

are same goes  to step 7,else discards the reply. 

 Step8:Node ‘x’ computes pairwise  key with neighbor ‘y’ i.e. Kxy=fKy(x); Kxy serves as the shared   

pairwise key between node x and node y. 

Step9: Node erases all master keys of  its neighbors, computed in  step5 ,after expiration of its time. 

5.2 PROPOSED ALGORITHM FOR PEAS 

Step1:Establish pairwise keys with neighbors using the above Shared Pairwise Keys algorithm. 

Step2: After expiration of sleeping time, node sends  PROBE containing  nonce and ID to all its          

           neighbors i.e. node ‘x’ sends x�* : PROBE, x,nonce; 

Step3:Node receives REPLY sent by its neighbor which  includes MAC computed with the shared 

pairwise key Kxy. i.e. node ‘x’ receives y �x: REPLY, y, λ
^
 ,Tw, MAC(Kxy;REPLY | nonce |λ

^
  

|Tw);where ‘y’ is ID, λ
^  

is the Probing Frequency and Tw is the Working time. 

Step4:Node ‘x’ computes  MAC by taking REPLY as input and shared pairwise key using MAC   

           algorithm. 

Step5: REPLY is authenticated by node ‘x’ ,by comparing its MAC with neighbor nodes  MAC. 

Step6:If both MAC’s are same , node ‘x’ takes  information from REPLY sent by its neighbor and   

decides to go to working or sleep state  ,else discards REPLY.  

Note: If LEAP is used to establish the pairwise keys, the adversary cannot reuse the compromised 

nodes at different locations in the network.  
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Figure 3: Defensive Measure for PEAS 

5.3 PROPOSED ALGORITHM FOR CCP 

Step1: Establish pairwise keys with neighbors using the above Shared Pairwise Keys algorithm. 

Step2: After expiration of sleeping time, node enters LISTEN state and collects beacon message                                     

           i.e. HELLO, JOIN, WITHDRAW and executes coverage eligibility rule. 

Step3: Beacon messages broadcast by a node ‘x’ are authenticated using LEAP’s one way key      

           chain mechanism. 

Step 4: Node ‘x’ generates a one way key chain of certain length, then transmits the first  

             key(say  AUTH Key) of  the key chain to its neighbor ‘y’, using their shared pairwise  

            key Kxy.  

             x�y:AUTH Key, MAC(Kxy, AUTH Key); 

Step5: Neighbor node ‘y’ computes MAC by taking input as message from ‘x’ and shared  

            pairwise key Kxy. 

Step6: Neighbor ‘y’ stores AUTHKEY sent by node ’x’  only if both MAC’s are  equal, else      

           discards  message sent by node ‘x’. 

Step7: Neighbor ‘y’ verifies each message sent by node ‘x’ based on the key it received from     

           node ’x’ previously i.e. node ‘x’ sends x  �y: HELLO, x, pos,Kx-I; 

Note: Keys are disclosed in reverse order. 

Step8:If  the key is valid, then node ‘y’ takes  information from message sent by node ‘x’ and  

          decides to go to working or sleep state  ,else discards message. 
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Figure 4: Defensive Measure for CCP 

VI. RESULTS AND DISCUSSIONS 

In this section, simulations performed for the PEAS protocol and obtained experimental results are 

described. The goal of the simulation is to study the effects of the countermeasures on the network 

lifetime and to ensure that the proposed measures do not compromise the stability and performance of 

the network. Simulation for the CCP protocol is not shown because the proposed countermeasures do 

not have impact on network connectivity. In the original PEAS protocol, a node makes state transition 

decisions by taking information from the REPLY’s received  from its neighbors without performing 

authentication, while the proposed counter-measures require the node to take information only from 

authenticated REPLY’s. This imposes additional costs for computation, transmission, and memory to 

store shared pair wise keys of a node , for authentication purpose.  

Table 1: Node Parameters for Simulation. 

 

PEAS is implemented in PARSEC language, and node parameter values similar to Berkeley Motes 

are selected, which are summarized in Table1. Nodes are uniformly distributed in an area of 50x50 m
2
 

and they remain stationary after deployment. The source and the sink are placed in opposite corners of 

the area, and the source generates 10 data reports per minute. The reports are delivered to the sink 
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using the GRAB forwarding protocol. The probing range RP is set to 3 meters, the initial per-node 

probing rate λ is equal to 0.1 wake up/sec so that the number of working nodes quickly stabilizes. The 

desired aggregate probing rate λd is chosen as 0.02 wake up/sec, that is, each active node should 

perceive a node wake up every 50 seconds. The node failure rate is set to 10.66 failures/5,000 

seconds. 

The Coverage Lifetime and Connectivity Lifetime are the metrics used to evaluate the PEAS protocol. 

The Coverage Lifetime is defined as the time interval from activation of the network until the 

percentage of the area that is being monitored simultaneously by at least K working nodes, drops 

below a specified threshold. The Coverage Lifetime characterizes how long the system ensures that 

interested events are monitored and reported properly. The Connectivity Lifetime is defined as the 

time interval from activation of the network until the percentage of the reports delivered to the 

destination, with respect to the total number of reports sent, drops below a specified threshold. The 

threshold values for both the coverage and connectivity measurements are chosen to be 90 percent, 

that is, the coverage lifetime ends when the monitored area drops below 90 percent of the total area to 

be monitored. The connectivity lifetime ends, when the number of reports delivered to the destination 

drops below 90 percent of the sent reports.  

Figure 5 show the performance of PEAS with proposed counter measures for various choices of t, i.e. 

with several choices of the number of REPLYs. The‘t’ value gives the density of active nodes in the 

network. More precisely, an adversary has to compromise at least ‘t+1’ nodes within the 

communication range of ‘x’ to successfully attack node ‘x’.  

 

Figure 5: Network coverage lifetime 

 

Figure 6 : Network Connectivity Lifetime 
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In the above graphs, as parameter t increases, the network lifetime is decreased because of the greater 

number of simultaneous active nodes. As a consequence, the greater the required resilience to 

adversaries, the smaller the performance of PEAS with proposed measures. For example, when ‘t’ is 

zero ,the number of REPLYs are equal to 1, the performance of the modified protocol is almost the 

same as the performance of the original one, the only overhead introduced is cost for computation of 

MAC to authenticate exchanged messages. 

On the contrary, the increase in the number of simultaneous active nodes that are introduced with the 

countermeasures improves network performance on data delivery. The number of simultaneously 

active nodes in PEAS is determined by the value of RP and t, while the protocol resilience to attackers 

is only determined by t. Therefore choose a greater value of RP in order to increase the lifetime of the 

network that adopts PEAS with proposed measures, while keeping ‘t’ value unchanged.  

 

Figure 7: Network coverage lifetime with increasing Rp value. 

 

Figure 8: Network Connectivity lifetime with increasing Rp value. 

Figure 7 and Figure 8, confirms to increase in sensing coverage lifetime and network lifetime when RP  

is increased, without compromising stability of network.  

VII. CONCLUSION & FUTURE WORK 

In this paper, topology maintenance protocols crucial for the operation of wireless sensor networks 

and attacks against these protocols have been analyzed. The defensive measures proposed ensure 

authenticated communication between a node and its neighbor nodes. These defensive measures 

include shared pair wise keys to generate MAC, and LEAP’s one way key chain mechanism to 

authenticate messages being exchanged. This enables a node to make correct decisions based on the 

information  in authenticated messages  received from its neighbor nodes, thus detection and 

avoidance of impersonation attacks in the network is achieved, thereby increased robustness of 
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protocols is also achieved which guarantees enhanced functionality of sensor application. Future work 

includes periodic check of state transition decisions by topology maintenance protocols, where the 

eligibility of node to be in active or sleep state will be checked periodically.  
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ABSTRACT 

Clustering in data analysis means data with similar features are grouped together within a particular valid 

cluster. Each cluster consists of data that are more similar among themselves and dissimilar to data of other 

clusters. Clustering can be viewed as an unsupervised learning concept from machine learning perspective. In 

this paper, we have proposed an Enhanced Clustering Methodology to obtain better clustering quality with much 

reduced complexity. We have evaluated the performances of the classical K-Means approach of data clustering, 

it’s modified Global K-Means, an Efficient K-Means and the proposed Enhanced K-Means method. The 

accuracy of all these algorithms were examined taking several data sets from UCI [21] repository of machine 

learning databases. Their clustering efficiency has been compared in conjunction with two typical cluster 

validity indices, namely the Davies-Bouldin Index and the Dunn’s Index for different number of clusters, and our 

experimental results demonstrated that the quality of clustering by proposed method is much proficient than the 

other mentioned K-Means based algorithms when larger data sets with more number of attributes are taken into 

consideration. Apart from this it has been found that, the computational time for clustering determined by the 

proposed algorithm is much lower than the other discussed methods. 

Keywords: Cluster analysis, Cluster validity indices, K-Means, Global K-means, Efficient K-Means, and 

Enhanced K-Means clustering. 

I. INTRODUCTION 

Retrieving information faster from a group has always been an important issue. Several approaches 

have been developed for this purpose, one of them is data clustering. Therefore much attention is now 

paid to invent new fast and improved clustering algorithms. The main goal of clustering is that, the 

objects present in a group will be much similar to one another and different from the objects present 

in other groups.  

In order to elaborate the concept of clustering, let us take a simple example of the library management 

system. In a library several books concerning to a large variety of topics are available. They are more 

or less kept in form of clusters. The books that have some kind of similarities among them are placed 

in one cluster i.e. books relating to computer architecture are kept in one shelf and books on algorithm 

analysis are kept in another shelf, and so on and finally, the shelves are labelled with their relative 

names. Now, when a user searches for a book of specific kind, he would only have to proceed to that 

particular shelf and check for the book instead of searching in the entire library. 

The definition of what constitutes a cluster is always not well defined, and in most applications 

clusters are not well separated from each other hence, most clustering techniques represent a result as 

a classification of the data into non-overlapping groups. Clustering is often confused with 
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classification, but there are some differences between the two. In classification, the objects are 

assigned to some already pre-defined class, whereas in clustering the classes are to be defined.    

Learning valuable information from huge volume of data makes the clustering techniques widely 

applicable in several domains including artificial intelligence, data compression, data mining and 

knowledge discovery, information retrieval, pattern recognition and pattern classification , and so on. 

In this paper, we have compared the basic K-Means based methods for data clustering and have 

introduced a new clustering algorithm which is far more effective than the classical K-Means [19] 

algorithm, it’s modified Global K-Means [12] algorithm and the revised Efficient K-Means [13] 

algorithm. We have implemented these algorithms on various data sets with varied sizes. The major 

downsides of K-Means, Global K-Means and Efficient K-Means are discussed and in order to curtail 

such difficulties and improve the clustering quality and efficiency, we have proposed a simple model 

known as Enhanced Clustering Algorithm. We have checked the check the quality of clustering 

results by using Dunn’s separation index (DI) [8] and Davies-Bouldin’s index (DBI) [7] respectively 

on the given algorithms and have also recorded the amount of computational time taken by each of 

them. 

This paper is organized as follows: In Section II we briefly present the basic idea of cluster validity 

measures and two widely used validity indices such as DI and DBI used for determining the quality of 

results obtained from clustering. Section III presents the efficient and productive works done by 

several researchers in this relevant area. Different K-Means based data clustering methods are their 

effectiveness and downsides are mentioned in Section IV and our proposed enhanced data clustering 

method is mentioned in Section V. Simulation and experimental results are shown in Section VI. 

Finally, Section VII concludes the paper. 

II. CLUSTERING VALIDATION 

Clustering analysis is a task of assigning a set of related objects into their respective cluster. There is 

no specific recommended algorithm for clustering analysis, it can be achieved by various algorithms 

that differ significantly in the way in which they group the similar objects efficiently into their desired 

cluster. In fact, if cluster analysis is to make a significant contribution to any relevant application area, 

then much attention must be paid to cluster a validity issue which is normally concerned with 

determining the optimal number of clusters and checking the quality of clustering results.  Evaluation 

of clustering results is generally referred to as cluster validation. Cluster validity issue by and large 

concerned with determining the optimal number of clusters and checking the fineness of clustering 

results.  Many different indices of cluster validity have been already proposed. In this section, we 

discuss briefly the Dunn’s separation Index and Davies-Bouldin’s Index which we have used in our 

proposed clustering algorithm for examining the soundness of clusters. 

2.1. Dunn’s Index 

The main goal of Dunn’s index (DI) measure [8] is to maximize the inter-cluster distances and 

minimize the intra-cluster distances. Dunn’s index is defined as:-  

( )
( )

( ){ }
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i j
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d  is a distance function, and Aj is the set whose elements are the data points assigned to the i
th
 cluster. 

The number of cluster that maximizes DI is taken as the optimal number of the clusters.  

2.2      Davies-Bouldin’s Index 

Another measure, the Davies-Bouldin’s index (DBI) [7] is a function of the ratio of the sum of within-

cluster distribution to between-cluster separation. 

The within i
th  

cluster distribution is defined as:- 

1/q
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The between i
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 and j
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 separation is given by:-    
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where, vi  
is the i

th
 cluster centre, and (q, t) ≥ 1, and both q & t are integers and can be selected 

independently of each other. Ai  
is the number of elements in Ai. 

Next, from equation (2) and (3) we define R
i,qt

 as:- 
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   ………………   (4) 

Finally, Davies-Bouldin’s index is given by:- 

( )
c1

DB c = R
i,qtc i=1

∑     ………………   (5) 

The objective is to minimize the DBI for achieving proper clustering. 

The appropriate clustering algorithm and parameter settings heavily depend on the input data set taken 

into consideration. An ideal cluster can be said to be a set of data points that is more isolated and 

compact from other data points.  

III. RELATED WORKS 

K-Means clustering as proposed by [1] can be used for the feature set obtained using the histogram 

refinement method which is based on the concept of coherency and incoherency. A non-metric 

distance measure for similarity estimation based on the characteristic of differences [2] is presented 

and implemented on K-Means clustering algorithm. The performance of this kind of distance and the 

Euclidean and Manhattan distances were then compared. A new line symmetry based classifier (LSC) 

[3] deals with pattern classification problems. LSC is well-suited for classifying data sets having 

symmetrical classes, irrespective of any convexity, overlap and size. A modified version of the K-

Means algorithm for data clustering [4] adopts a novel non-metric distance measure based on the idea 

of point symmetry. This kind of distance can be applied in data clustering and human face detection. 

The shortcomings of the standard K-Means clustering algorithm can be found in the literature [5] in 

which a simple and efficient way for assigning data points to clusters is proposed. Their improved 

algorithm reduces the execution time of K-Means algorithm to a great extends. A system for 

analyzing students results based on cluster analysis and using standard statistical algorithms to arrange 

their scores data according to the level of their performance is described in [6]. An incremental 

approach to K-means clustering method that adds one cluster centre at a time through a search 

procedure is given in Global K-Means algorithm proposed by A. Likas et al. in [12]. A simple and 

efficient implementation of K-Means clustering algorithm called the filtering algorithm given by [13] 

shows that the algorithm runs faster as the separation between clusters increases. The various types of 

clustering algorithms along with their applications in some benchmark data sets were surveyed in 
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[14]. Here, several proximity measures, cluster validation and various tightly related topics were 

discussed. A new generalized version of the conventional K-Means clustering algorithm which 

performs correct clustering without pre-assigning the exact cluster number can be found in [15]. 

Based on the definition of nearest neighbour pair C.S. Li et al. in [16] proposed a new cluster centre 

initialization method for K-Means algorithm. In iterative clustering algorithms, selection of initial 

cluster centres is extremely important as it has a direct impact on the formation of final clusters. An 

algorithm to compute the initial cluster centres for K-Means algorithm was given by M. Erisoglu et al. 

in [17] and their newly proposed method has good performance to obtain the initial cluster centres 

converges to better clustering results and almost all clusters have some data in it. 

IV. DIFFERENT DATA CLUSTERING TECHNIQUES 

In this section, we have briefly focused on the different approaches of K-Means based clustering 

algorithms widely used for clustering datasets of diverse characteristics, occurrences and number of 

classes. The different kind of clustering methods are as follows: 

4.1.  K-Means Clustering Algorithm 

The K-Means Clustering algorithm is one of the simplest unsupervised learning algorithms that solve 

the well known clustering problem. In 1967, Mac Queen [19] firstly proposed the K-Means algorithm. 
During every pass of the algorithm, each data is assigned to the nearest partition based upon some 

similarity parameter (such as Euclidean distance measure). After the completion of every successive 

pass, a data may switch partitions, thereby altering the values of the original partitions.  

Various steps of the standard K-Means clustering algorithm is as follows: -  

(1) The number of clusters is first initialized and accordingly the initial cluster centres are 

randomly selected.  

(2)  A new partition is then generated by assigning each data to the cluster that has the closest 

centroid.  

(3) When all objects have been assigned, the positions of the K centroids are recalculated.  

(4) Steps 2 and 3 are repeated until the centroids no longer move any cluster.   

The main objective of K-Means is the minimization of an objective function that determines the 

closeness between the data and the cluster centers, and is calculated as follows: 

K N
J = d(X ,C )

i jj=1i=1
∑ ∑      ………………   (6) 

where, d(X , C )
i j

 is the distance between the data  Xi and the cluster centre Cj. 

But the major drawback is that, the result of K-Means strongly depends on the initial selection of 

centroids and it is very difficult to compare the quality of the clusters produced as very far data from 

the centroid may pull the centroid away from the real one. 

4.2.  Global K-Means Clustering Algorithm 

The Global K-means algorithm was first proposed by [12], is an incremental approach to classical K-

means clustering method that adds one cluster centre at a time through a search procedure consisting 

of N (where N is the size of the data set) executions of the K-means algorithm from a suitably 

determined initial position. The main purpose of Global K-Means method is that, instead of finding all 

cluster centres at once, it proceeds in an incremental fashion by adding one cluster centre at a time. 

Using Global K-Means, for solving a K-cluster problem, this algorithm begins by solving a one-

cluster problem first. In this case, a cluster is formed with the centre being the centroid of all the data 

present in the dataset. After knowing the first cluster centre, the next step is to add a new second 

cluster at its optimal position. This is done by running the K-Means algorithm for N number of times 

with the first centre being already obtained in the one-cluster problem and the second cluster’s starting 

position will be each individual data Xi in the data set where, 1≤ i ≤ N. The final solution to this two-

cluster problem will be the best solution obtained from the N-execution of K-Means algorithm. The 

above procedure is repeated, and one cluster centre is incrementally added at a time. Hence, the 
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solution of a K-clustering problem is obtained from the solution of a (K-1) clustering problem, once 

the newly determined centre is placed at an appropriate optimal position within the data set. In this 

paper, we have considered several parameters in choosing the best solution, after executing K-Means 

algorithm for N times. 

4.2.1.  Pseudo-code: 

We now discuss the informal high-level description using the structural conventions of programming 

language of Global K-means algorithm. The pseudo-code for solving a K-clustering problem with N 

number of data in the data set is as follows:  

 for  i = 1 to K 

 { 

if  the value of i is 1, then a cluster is formed with the centre Ci being the centroid of all 

the data present in the given data set. 

else 

 for  j = 1 to N 

 { 

Run K-Means algorithm with initial values of 

{ { C i , C i-1 , C i-2 , … …, C i-N-2}, {X j} }  

  }                       

 } 

Experimental results indicate that the performance of this method is excellent in grouping similar 

objects in their respective groups. But, the only downside of this method is that, the computational 

time can be rather too long. 

4.3.  Efficient K-Means Clustering Algorithm 

D. Napeleon and P. Ganga Laxmi [18] proposed a method for making the K-Means algorithm more 

effective and efficient, so as to get better clustering with reduced complexity using uniform 

distribution data points. The basic idea of this Efficient K-Means clustering algorithm is outlined as 

follows: 

Initially, the distances between each data and all other data in the data set are computed. Then, the 

closest pair of data is found from the whole data set and is kept in an intermediate set D1. These two 

data are then removed from the whole data set D. The next step is to determine the data which is 

closest to the set D1.  After finding that, it is added to D1 and deleted from D. This whole procedure is 

repeated until the number of elements in the set D1 reaches a threshold value (0.75 * (N / K)) where, 

N is the number of data items and K is the number of desired clusters.  

Similarly, following the above procedure, we again select another intermediate data set D2.  Repeat 

this until K such sets of data are obtained. Finally, by averaging all the vectors in each intermediate 

data set, we obtain the initial centroids.  

V. PROPOSED CLUSTERING METHOD 

In this proposed method of clustering algorithm, we have slightly modified our algorithm and have 

used it more effectively which works much proficiently than the already discussed three standard 

clustering techniques. The algorithm is outlined as follows:- 

5.1. An Enhanced Clustering Methodology  

The algorithm operates in two phases: 

Phase I: Selection of K cluster centres :  

(1)  Take initial cluster centre c1 randomly as any data from the input dataset Ip . 

(2)  Choose the next cluster center ci = p' with a probability given by: 
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where, D(p) denotes the shortest distance from any data point  p  to the already chosen nearest cluster 

centre [20].  

(3) Repeat step (2) until K numbers of cluster centres is chosen. 

Phase II: The clustering of dataset : 

(4)  Compute the Euclidean distance between each data present in the input dataset and all K 

cluster centres. 

(5) Assign each data to its corresponding nearest cluster centre ci .  

(6)  (a)  Declare two matrices C[ ][ ] and D[ ][ ]. 

       (b) Store the cluster number in which the data p is assigned to in step (5) in the matrix   

C[ ][ ]. 

       (c) Store the distance of data p to its nearest cluster in matrix D[ ][ ]. 

(7)  Recalculate the cluster centre for each cluster ci . 

(8)  Repeat step (9) until convergence is reached. 

(9)  For each data p, compute the distance to its nearest cluster centre. 

(a) If this calculated distance is less than or equal to the previous stored distance in matrix  

D[ ][ ], then the data remains in the initial cluster. 

(b) Else 

Find the distance of each data to all the cluster centres and assign the data to that 

cluster which is nearest to its centre. 

(10)  End of clustering. 

VI. EXPERIMENTAL RESULTS 

We examined the performance of the above described algorithms on a number of benchmark data sets 

taken from the UCI [21] repository of machine learning databases. To assess the efficiency of our 

method, we compared the results obtained by general K-Means algorithm, Global K-Means algorithm 

as well as the Efficient K-Means algorithm against the clustering results returned by our proposed 

Enhanced Clustering algorithm on different data sets varying in their size and characteristics. The 

initial number of clusters is given by the user during the execution of the program.  

The performances of the discussed algorithms as well as our proposed Enhanced Clustering algorithm 

are measured in terms of two standard validity measures namely Dunn’s index (DI) [8] and Davies-

Bouldin’s index (DBI) [7]. The validity measures tests the quality of clustering by making a 

comparison between the results obtained from clustering with the information given for that data set.  

Table 2 gives a comparative analysis of various clustering algorithms by considering DI and DBI 

measures on various sized datasets. 

The graphical representation of the performance analysis of K-Means, Global K-Means, Efficient K-

Means and proposed clustering algorithm is shown in Figure 1(a) and 1(b) respectively. 

All these algorithms were implemented in MATLAB 7.8.0 on Intel Core 2 Duo system. The 

processing time of all the above specified data clustering algorithms on various datasets were 

recorded as can be seen from Table 3. 

Table 1 shows some characteristics of the data sets used in this paper. 

Table 1:  Characteristics of some data sets from UCI repository. 

Data set 
Number of 

Attributes 

Number of 

Classes 

Number of 

Records 

Iris 4 3 150 

Wine 13 3 178 
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Glass 11 2 214 

Abalone 8 3 4177 

Mushroom 22 2 8124 

Table 2: Comparison of K-Means, Global K-Means, Efficient K-Means and proposed Enhanced Clustering 

algorithm by considering Dunn’s and Davies-Bouldin’s indices on different sized data sets. 

 

Table 3:  Clustering running times of K-Means, Global K-Means, Efficient K-Means and proposed Enhanced 

Clustering algorithm on different data sets. 

Algorithm 
Iris 

(k=3) 
Glass 

(k=2) 
Wine 

(k=3) 
Abalone 

(k=3) 
Mushroom 

(k=2) 

K-Means 0.1406 0.0938 0.2313 4.3750 28.2969 

Global  K-Means 34.3750 42.6528 38.8603 446.3177 722.0824 

Efficient K-

Means 
0.5000 0.8125 0.4375 18.0156 66.3425 

Proposed 

Enhanced 

Method 

0.0781 0.0625 0.1813 2.2656 12.4063 

 

 

Figure 1(a): Performance analysis of K-Means, Global K-Means, Efficient K-Means and proposed Enhanced 

Clustering algorithm on several data sets based on Davies-Bouldin’s index. 

Algorithms 

 

 

Data Set 

K-Means Global  K-Mean Efficient K-Mean       Proposed 

Enhanced Method 

DI DBI DI DBI DI DBI DI DBI 

Iris              (k=3) 0.0233 0.6791 0.0168 0.7731 0.0823 0.6791 0.0887 0.6225 

Glass           (k=2) 0.0415 1.4461 0.0282 1.7242 0.0914 1.4351 0.0938 0.8552 

Wine           (k=3) 0.0227 0.6880 0.0154 1.4869 0.0477 0.6894 0.0508 0.6458 

Abalone      (k=3) 0.0019 0.8493 0.0013 1.0627 0.0046 0.8966 0.0057 0.8252 

Mushroom (k=2) 0.0349 1.7455 0.0276 1.9884 0.0652 1.7962 0.0729 1.4706 
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Figure 1(b): Performance analysis of K-Means, Global K-Means, Efficient K-Means and proposed Enhanced 

Clustering algorithm on several data sets based on Dunn’s index. 

 

Figure 2:   Line chart showing the performance comparison of computational time of K-Means, Global K-

Means, Efficient K-Means and proposed Enhanced Clustering algorithm on several data sets. 

VII. CONCLUSIONS 

In this paper, we have examined a few varieties of imperative clustering algorithms – the customary 

K-Means algorithm, its modified Global K-Means version, its competent Efficient K-Means algorithm 

and our projected Enhanced Clustering methodology. It can be seen from the experimental result that, 

K-Means algorithm can do a pretty good job in clustering data sets in any K numbers of clusters. 

However, the algorithm strongly depends on the initial selection of centroids and it is very difficult to 

compare the quality of the clusters produced, as very far data from the centroid may pull the centroid 

away from the real one. The Global K-means algorithm is an incremental approach to classical K-

means clustering method and to a great extent effective in situations where the correct clustering is 

required but, the main problem with this method is its much stretched execution time.  The Efficient 

K-Means is a revised version of the usual K-Means and works very efficiently and gives suitable 

result only for uniform distribution of data points. In order to curtail such difficulties and improve the 

clustering quality and efficiency especially on varied data sets, we have proposed a simple model 

known as Enhanced Clustering technique. Considering both the DI and DBI parameters for cluster 

validation on various sized data sets, the results obtained by our proposed algorithm produces better 

quality of clustering as compared to the discussed K-Means-based algorithms. In addition to this, the 
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clustering computational time of the proposed algorithm is much lower than the other discussed 

techniques. 
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ABSTRACT  

This paper demonstrates reduced harmonic distortion can be achieved for a new topology of multilevel inverters 

with Inverted sine PWM. The new topology has the advantage of its reduced number of devices compared to 

conventional cascaded H-bridge multilevel inverter, and can be extended to any number of levels. The modes of 

operation are outlined for 5-level inverter, as similar modes will be realized for higher levels. Simulation of 

different number of levels of the proposed inverter topology, this paper focuses on PD based inverted sine PWM 

technique for a eleven-level inverter. ISPWM has a better spectral quality and a higher fundamental voltage 

compared to the triangular based PWM Simulation of different number of levels of the proposed inverter 

topology along with corroborative experimental results are presented 

KEYWORDS: Multilevel Inverter, harmonic elimination Inverted sine PWM, THD. 

I. INTRODUCTION 

Multilevel inverter is an effective and practical solution for increasing power demand and reducing 

harmonics of AC waveforms. Function of a multilevel inverter is to synthesize a desired voltage wave 

shape from several levels of DC voltages. As the number of levels increase, the synthesized staircase 

output waveform has more steps, approaching the desired sinusoidal waveform. They are of special 

interest in the distributed energy sources area because several batteries, fuel cell and solar cell can be 

connected through multilevel inverter to feed a load [1].  

The principal function of multilevel inverters is to synthesize a desired ac voltage from several 

separate dc sources, which may be obtained from batteries, fuel cells, or solar cells [2]. The desired 

output voltage waveform can be synthesized from the multiple voltage levels with less distortion, less 

switching frequency, higher efficiency, and lower voltage devices. With an increasing number of dc 

sources, the inverter output voltage waveform approaches a nearly sinusoidal waveform while using a 

fundamental frequency switching scheme. While many different multilevel inverter topologies have 

been proposed, the two most common topologies are the cascaded H-bridge inverter and its 

derivatives [3], and the diode-clamped inverter [4]. The main advantage of both topologies is that the 

rating of the switching devices is highly reduced to the rating of each cell. However, they have the 

drawback of the required large number of switching devices which equals 2(k-1) where k is the 

number of levels. This number is quite high and may increase the circuit complexity, and reduce its 

reliability and efficiency. Cascaded H-bridge inverter has a modularized layout and the problem of the 

dc link voltage unbalancing does not occur, thus easily expanded to multilevel. Diode-clamped 

inverter needs only one dc-bus and the voltage levels are produced by several capacitors in series that 

divide the dc bus voltage into a set of capacitor voltages. Balancing of the capacitors is very 

complicated especially at large number of levels. Moreover, three-phase version of this topology is 

difficult to implement due to the neutral-point balancing problems 
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The performance of the modulation control schemes for the multilevel inverter can be divided into 

two categories fundamental switching frequency and high switching frequency PWM.  The high 

frequency PWM is classified as multilevel carrier-based PWM and multilevel space vector PWM [5]. 

The most popular and simple high frequency switching scheme for MLI is the Multi-Carrier PWM 

(MCPWM). It can be categorized into two groups: Carrier Disposition (CD) methods and Phase 

Shifted (PS) methods [6]. Among the carrier disposition methods, Phase Disposition (PD) PWM 

technique is normally employed for MLI as the carriers need minimal amounts of alteration since they 

are all in phase with each other [7]. This paper focuses on PD based inverted sine PWM technique for 

a eleven-level inverter. ISPWM has a better spectral quality and a higher fundamental voltage 

compared to the triangular based PWM. 

II. MULTILEVEL INVERTER NEW TOPOLOGY 

In order to reduce the overall number of switching devices in conventional multilevel inverter 

topologies, a new topology has been proposed. The circuit configuration of the new 5 -level inverter is 

shown in Fig.1. It has four main switches in H-bridge configuration Q1~Q4, and four auxiliary 

switches Q5, Q6, Q7 and Q8. The number of dc sources (two) is kept unchanged as in similar 5-level 

conventional cascaded H-bridge multilevel inverter. Like other conventional multilevel inverter 

topologies, the proposed topology can be extended to any required number of levels. The inverter 

output voltage, load current, and gating signals are shown in Fig.2. The inverter can operate in three 

different modes according to the polarity of the load voltage and current. As these modes will be 

repeated irrespective of the number of the inverter levels, and for the sake of simplicity, the modes of 

operation will be illustrated for 5-level inverter, these modes are: 

 

 

Fig 1 : The 5-level inverter of the new topology 

 

Powering Mode 

This occurs when both the load current and voltage have the same polarity. In the positive half cycle, 

when the output voltage is Vdc, the current pass comprises; the lower supply, D6, Q1, load, Q4, and 

back to the lower supply. When the output voltage is 2Vdc, current pass is; the lower source, Q5, the 

upper source, Q1, load, Q4, and back to the lower source. In the negative half cycle, Q1 and Q4 are 

replaced by Q2 and Q3 respectively. 

Free-Wheeling Mode 

Free-wheeling modes exist when one of the main witches is turned-off while the load current needs to 

continue its pass due to load inductance. This is achieved with the help of the anti-parallel diodes of 

the switches, and the load circuit is disconnected from the source terminals. In this mode, the positive 

half cycle current pass comprises; Q1, load, and D2 or Q4, load, and D3, while in the negative half 

cycle the current pass includes Q3, load, and D4 or Q2, load, and D1. 
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Fig 2 : Waveforms of the proposed 5-level inverter 

 

Regenerating Mode 

In this mode, part of the energy stored in the load inductance is returned back to the source. This 

happens during the intervals when the load current is negative during the positive half cycle and vice-

versa, where the output voltage is zero. The positive current pass comprises; load, D2, Q6, the lower 

source, and D3, while the negative current pass comprises; load, D1, Q6, the lower source, and D4. 

A generalized circuit configuration of the new topology is shown in Fig.5. The proposed topology has 

the advantage of the reduced number of power switching devices, but on the expense of the high 

rating of the main four switches. Therefore, it is recommended for medium power applications. 

 
 

Fig  3 : Generalized multilevel inverter configuration of the new topology 

 The percentage reduction in the number of power switches compared to conventional H-bridge 

multilevel inverter is shown in Table 1. 

Table 1: Percentage reduction in switching devices 

 Number of Switches 

Inverter 

Type 
5- level 7- level 9- level 11- level 

Cascaded 

 H Bridge 
8 12 16 20 

Proposed 

Topology 
6 8 10 12 

% 

Reduction 
25 % 33.3% 37.5% 40% 
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ABSTRACT 

Interference reduction is vital for being able to effectively communicate with mobile users. One of the recent 

popular approaches towards increasing capacity and coverage zones for the servicing wireless station while 

having a reduced interference is to use smart antennas. Sophisticated adaptive beam forming techniques can be 

applied to point the array’s beam in the desired look direction while simultaneously nulling out the interfering 

signal.  

The study documented in this thesis explores the performance of  variants of the Least Mean Square (LMS) 

Algorithm based approaches, in the realm of beam formation, used earlier in adaptive filtering, aiming at 

reduction in complexity, without considerable degradation in performance .The proposed algorithms namely 

Signum- Error, Signum Data and Signum, Signum -Least Mean Square Algorithms along with Leaky LMS and 

LMS Algorithms are tested for computational complexity in weight vector updation and  observed that the ones 

proposed perform better than the conventional Least Mean Square algorithm with respect to reduced complexity 

in beam formation,  making them suitable for high speed digital communication systems. 

KEYWORDS: Smart antenna, Adaptive Array, Beamforming 

I. INTRODUCTION 

Global demand for voice, data and video related services continues to grow faster than the required 

infrastructure can be deployed. Despite huge amount of money that has been spent in attempts to meet 

the need of the world market, the vast majority of people on Earth still do not have access to quality 

communication facilities. This is why more and more the wireless connection is being seen as an 

alternative to quickly and cost effectively meeting the need for flexible broadband links. 

The proliferation of wireless networks and an increase in the bandwidth required has led to shortages 

in the scarcest resource of all, the finite number of radio frequencies that these devices use. This has 

increased the cost to obtain the few remaining licenses to use these frequencies and the related 

infrastructure costs required to provide these services. Reliable transmission over relatively short 

distances in space requires a large amount of transmitted energy, spread over large regions of space, 

only a very small portion of which is actually received by the intended user. Most of the wasted 

energy is considered as interference to other potential users of the system. Space is truly one of the 

final frontiers when it comes to new generation wireless communication systems. Spatially selective 

transmission and reception of RF energy promises substantial increases in wireless system capacity, 

coverage and quality. That this is certainly the case is attested to by the significant number of 
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companies that have been recently brought the products based on such concepts to the wireless market 

place. Filtering in the space domain can separate spectrally and temporally overlapping signals from 

multiple mobile units. Thus, the spatial dimension can be exploited as a hybrid multiple access 

technique complementing frequency-division multiple access (FDMA), time-division multiple access 

(TDMA) and code-division multiple access (CDMA). This approach is usually referred to as space-

division multiple access (SDMA) and enables multiple users within the same radio cell to be 

accommodated on the same frequency and time slot, Realization of this filtering technique is 

accomplished using smart antennas, which are effectively antenna systems capable of modifying its 

time, frequency and spatial response. By exploiting the spatial domain via smart antenna systems, the 

operational benefits to the network operator can be summarized as follows: 

• Capacity enhancement. SDMA with smart antennas allows for multiple users in a cell to use the 

same frequency without interfering with each other since the Base Station smart antenna beams are 

sliced to keep different users in separate beams at the same frequency. 

• Coverage extension. The increase in range is due to a bigger antenna gain with smart antennas. 

This would also mean that fewer Base Stations might be used to cover a particular geographical area 

and   longer battery life in mobile stations. 

• Ability to support high data rates. 

• Increased immunity to “near-far” problems. 

• Ability to support hierarchical cell structures. 

 In this paper a well Known Least Mean Square (LMS) algorithm is modified to make it suitable for 

high speed digital communication systems by reducing the complexity in the weight vector updation.  

The paper is organized as follow: In Section 2 regarding smart antenna is discussed. Section 3 deals 

with the beam forming and its types. Adaptive beam forming problem formulation will be described 

in Section 4.Section 5 deals with the newly proposed reduced computation algorithms. The research 

results of various beam forming algorithms are given in Section 6. Conclusion will be presented in 

section 7. 

II. SMART ANTENNA 

The block diagram of a basic smart antenna is as shown in Figure 1. It locates the direction of Signal 

of Interest (SOI) using DOA algorithm.  

 
Figure 1:  Block diagram of a basic smart antenna system 

The smart antenna consists of Down Converter, Analog to Digital converters and a processor. Based 

on DOA and the antenna array the Adaptive Beam Forming (ABF) algorithms dictate the beam 

patterns for which the necessary calculations are done by the processor. The uniform linear antenna 

array is where the current amplitudes are adjusted by a set of complex weights using the ABF 

algorithm. The ABF algorithm optimizes the array output beam pattern such that maximum radiated 

power is produced in the directions of desired mobile users with deep nulls generated in the directions 

of undesired signals representing co-channel interference from mobile users in adjacent cells. Prior to 

adaptive beam forming, the directions of users and interferers must be obtained using a DOA 

estimation algorithm. 
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 Direction of Arrival is the direction along which the desired signals arrive. The DOA algorithms 

work on the signal received at the antenna array elements and compute the direction of arrival of all 

incoming signals that include desired user signal, interfering signals and multipath signals.  

Adaptive beam forming (ABF) steers the beam along the direction of the desired signal, while a null 

is generated along the direction of the interfering signal. This is done by ABF by dynamically 

updating the complex weights with the help of adaptive algorithms.  

III. BEAM FORMING AND ITS TYPES 

A Beam former is a set of sensors (antennas) arranged in a linear fashion with outputs that can be 

steered electronically. The sensor array comprises of isotropic antenna elements that extract spatial 

information from the waves emitted by signal sources. The signal received at these sensors is sent for 

computation of weights. One can define beam forming as adjusting the sensitivity of antenna in a 

certain direction for a specified frequency. So, in essence, beam forming is spatio-temporal filtering 

where signals are separated according to their directional characteristics and frequency content. The 

goal of beam forming is to isolate the signal of the desired user from interference and noise. The 

weights of the filter are continuously changed and are adapted according to the received signal. Such 

adaptive filters attempt to filter out jammer signals, which are received by the sensors from directions 

other than the selected signal source. 

3.1 Types of Beam forming 

There are two types of Beam forming in general namely;  

1.  Switched beam forming. 

2.  Adaptive beam forming. 

3.2 Switched Beam Antennas 

Switched beam or switched lobe antennas are directional antennas deployed at base stations of a cell. 

They have only a basic switching function between separate directive antennas or predefined beams of 

an array. The setting that gives the best performance, usually in terms of received power, is chosen. 

The outputs of the various elements are sampled periodically to as certain which has the best 

reception beam. Because of the higher directivity compared to a conventional antenna, some gain is 

achieved. Such an antenna is easier to implement in existing cell structures than the more 

sophisticated adaptive arrays, but it gives a limited improvement. 

3.3   Adaptive Beam Antennas 

It is an array of multiple antenna elements with the received signals weighted and combined to 

maximize the desired signal to interference and noise (SINR) ratio. This means that the main beam is 

put in the direction of the desired signal while nulls are in the direction of the interference .A smart 

antenna system combines multiple antenna elements with a signal processing capability to optimize its 

radiation and/or reception pattern automatically in response to the signal environment. Smart antenna 

systems are customarily categorized as either switched beam or adaptive array systems. Adaptive 

antenna arrays can be considered the smartest of the lot. An Adaptive Antenna Array is a set of 

antenna elements that can  adapt their antenna pattern to changes in their environment. Each antenna 

of the array is associated with a weight that is adaptively updated so that its gain in a particular look-

direction is maximized, while that in a direction corresponding to interfering signals is minimized. In 

other words, they change their antenna radiation or reception pattern dynamically to adjust to 

variations in channel noise and interference, in order to improve the SNR (signal to noise ratio) of a 

desired signal. This procedure is also known as ’adaptive beam forming’ or ’digital beam forming’. 

IV. ADAPTIVE BEAM FORMING PROBLEM FORMULATION 

Considering a problem of wiener filtering, with reference to a non stationary process. 
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Let )(nw  denote unit sample response of the FIR wiener filter that produces minimum mean square 

estimate of desired signal )(ns .  The output of the filter is given by  

∑
=

−=
L

k

knxkwny
0

)()()(                                                                                                         (1.1) 

Where ‘ L ’ is the order of filter. If )(nx  and )(ns  are wide sense stationary processes then error 

signal is given by 

)()()( nynsne −=                                                                                                                   (1.2) 

The filter coefficients or beam forming array weights )(nw   that minimizes the Mean Square Error 

2
)(ne is found by solving the Weiner-Hopf equation given by 

sxxx rRnw
1)( −=                                                                                                                           (1.3) 

Where, xxR  is the autocorrelation of induced signal )(nx and sxr  is the cross correlation between 

reference signal )(ns  and induced signal )(nx . In many aspects, the design of adaptive Beam former 

is much more difficult than design of beam former based on Weiner Hopf equation  This problem can 

be simplified by considering the weight update equation to be  

  )()()1( nwnwnw ∆+=+                                                                                                        (1.4) 

Where, )(nw∆    is the correction applied to calculate new weights. This type of weight updating for 

)(nw   forms the heart of every beam forming algorithm and each of the beam forming algorithms 

varies in terms of computation of weights.  

In a practical case, if )(ns  is  the signal samples corresponding to look direction , i(n) is  interfering 

signal samples corresponding to jamming directions and )(0 nn  is  noisy signal samples due to 

receiver components.  

The induced signal is given by 

∑
=

++=
M

i

ii nnaniansnx
1

00 )()()()()()( θθ                                                                      (1.5) 

Where, M is number of jamming sources, )( 0θa  is desired steering vector and )( ia θ is the steering 

vector corresponding to i
th
 interference signal. 

Since jamming signals (or interfering signals) are of no interest, it is assumed 

)()(......)()( 21 nininini M ===  with this modification equation (3.31) can be written as  

∑
=

++=
M

i

i nnaninsanx
1

00 )()()()()()( θθ                                                                (1.6)   

In matrix notation, induced signal can be written as  

NIASAX iin ++=
0θ                                                                                              (1.7) 

Where , X  represents L x Ns induced signal matrix, Ns is total number of samples,  ‘L’ represents 

number of array elements, ‘ S ’ represents reference signal samples. 
0θA  is desired steering vector of 

order Lx1, iI
 
represents interference signal samples matrix of order 1xNs , N  represents Gaussian 

noise matrix of order LxNs and inA  is Lx1 column vector that is obtained by adding all  columns of 

array manifold vector as  shown 
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Where, ‘d’ is the distance between antenna elements, Mθθθ ,.......,, 21  are directions of jamming 

signals and M is number of jamming signals. 

4.3 Simulation Methodology of Adaptive Beam forming  

1. Compute the Lx1 steering vector for desired direction 0θ . 
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2. Compute the LxM array manifold vector corresponding to M interference source 

directions Mθθθ ,,........., 21 .
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3. Obtain signal samples ‘S’ by sampling continuous time signal of baseband frequency. (For 

simulation sine wave samples are considered). 

 Compute the autocorrelation matrix
xxR . 

4. Compute the step size by using  

γλ
µ

+
=

max

2
 

5. Compute the following for all signal samples sNn ≤≤0 . 

Where, sN
 
 is the total number of signal samples. 

 
6. The array factor is computed by using equation 

00)sin(2

1

90001.090)( +≤+≤−=∑
=

θθπ dj
L

i

H
eiwAF  

7. Array factor versus angles are plotted. 

V. PROPOSED REDUCED COMPUTATION ALGORITHMS 

The Least Mean Square(LMS) algorithm is the most widely used adaptive beam forming algorithm, 

being employed in several communication applications. It has gained popularity due to its low 

computational complexity and proven robustness. The LMS algorithm changes the weight vector  

)(nw  along the direction of the estimated gradient based on the steepest descent method. In 

employing the LMS algorithm, it is assumed that sufficient knowledge of the reference signal is 

∑
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present. The variation of LMS is leaky least mean square (LLMS), The Eigen value decomposition of 

autocorrelation matrix xxR  sometimes produces zero Eigen values, then LMS adaptive filter has one 

or more modes that are un-driven or un-damped. Since it is possible for these un-damped modes to 

become unstable, it is important to stabilize the LMS by forcing these modes to zero. One way to 

accomplish this is to introduce leakage coefficient γ  into auto correlation matrix, step size and 

weight vector equation.  

The autocorrelation matrix for Leaky LMS algorithm is given by  

[ ] IXXER
H

xx γ+=
                                                                                                                (1.9)                                          

Where, ‘ X ’ is induced signal, X
H
 is hermitian transpose of X , γ is Leaky Coefficient which takes 

any value in the range 10 ≤≤ γ , I is LxL identity matrix and L is number of antenna elements. 

5.1 Signum Data Least Mean Square(SDLMS) 

In this algorithm signum operator is applied to data. The weight vector in SD-LMS  is given 

by   

)())(sgn()()1( nenxnwnw µ+=+
                                                                                  (2.0) 

Where , sgn(x(n)) is  sign of data vector given by  

)(

)(
))(sgn(

nx

nx
nx =

                                                                                                                            (2.1) 

 

Where, µ  is the step size , )(nx  is the induced signal and )(ne  is the error signal. Signum Data 

LMS (SD-LMS) individually normalizes each coefficient of weight vector.   

5.2 Signum Signum Least Mean Square (SSLMS) 

Quantizing both the error and data will lead to development of Signum Signum LMS algorithm. The 

weight update equation for (SS-LMS) is given by  
 ))(sgn())(sgn()()1( nenxnwnw µ+=+                                                                                             (2.2) 

Where, ))(sgn( nx   is sign data operator), 
µ

is the step size and ))sgn((en  is signum error operator. 

5.3 Signum Error Least Mean Square 

In spite of computational efficiency of LMS and LLMS algorithms, additional simplifications may be 

necessary in some applications, such as high speed digital communication. The weight coefficient of 

LMS is modified by applying sign operator to error e(n) .  

The weight vector for Signum Error Least Mean Square (SE-LMS) [] is given by 

))(sgn()()()1( nenxnwnw µ+=+
                                                                                     (2.3) 

Where, µ is step size , )(nx is induced signal and sgn(e(n)) is  defined as      
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The SE-LMS algorithm is also known as Least Mean Absolute Value (LMAV) algorithm. Because of 

the expression in equation (5.6) the signum error algorithm can be viewed as the result of applying 

two level quantizer.  

VI. SIMULATION RESULTS  

Algorithms Antenna Elements Look Direction Jammer Directions 

LMS 100 45 [10,60,70] 
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LLMS 100 45 [10,60.70] 

SDLMS 100 45 [10,60,70] 

SSLMS 100 45 [10,60,70] 

SELMS 100 45 [10,60,70] 
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Figure2: Polar plot of LMS algorithm 
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Figure3: polar plot of  LLMS algorithm 
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Figure4: polar plot of SDLMS algorithm 
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Figure5:polar plot of  SSLMS algorithm 
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Figure 6: polar plot of SELMS algorithm 

 

6.1 Comparison of beam forming algorithms with respect to beam forming 

The Table 6.1 gives a summarized comparison of the LMS and the four variants of LMS algorithms 

with respect to beam forming. 

Table 6.1 - Comparison of 5 Beam forming Algorithms  

Algorithms Number of antenna 

elements 

Desired Direction 

(degrees) 

Jammer Direction 

(degrees) 

Number of 

Jammers 

LMS 100 15 [10 5] 2 

LLMS 100 25 [10 5] 2 

SSLMS 100 35 [10 5] 2 

SDLMS 100 45 [10 5] 2 

SELMS 100 55 [10 5] 2 
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Figure7: Comparison output of Beam forming Algorithms 

From the Fig 7 that shows that all algorithms as  performing equally well with respect to Main Beam 

Formation, we can intuitively arrive at the fact that the difference is in the complexity. 

 

6.2 Complexity Comparison  
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Figure 8: The complexity graph with respect to number of multiplication 
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Figure 9: Shows the reduced complexity graph with respect to number of addition. 

VII. CONCLUSION 

The most exciting contribution of smart antennas are their narrow beam features that enhances 

directional gain that facilitate the user with maximum signal strength. On operator end it saves power 

as narrow beams consume lesser power than broader beams. This study documents the use of Beam 
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Forming algorithms that obtain very narrow beams that result in reducing power constraints on the 

antenna implying lesser power consumption, while simultaneously reducing the computational 

complexity, as shown in the results above. The newly proposed signum family of beam forming 

algorithms is compared with conventional algorithms with respect to main beam formation and 

computation complexity and simulation results reveals  that newly proposed signum algorithm 

(signum error) as less complexity when compared to other algorithms and also performs well in main 

beam formation. 
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ABSTRACT 

As the network attacks have increased in huge numbers over the past few years, intrusion detection system (IDS) 

is increasingly becoming a critical component to secure the network. Current IDSsare unable to detect all kind 

of novel attacks because they are designed on limited environment to restricted applications. Many researchers 

proposed approaches which are able to achieve good detection accuracy for old attacks but poor detection 

performance for new attacks In this paper we introduce a three-layer approach to enhance the perception of 

intrusion detection on reduced feature set to detect both known and novel attacks.  

KEYWORDS: Anomaly detection, Novel attacks, Layered approach, Sensitivity, Data mining, Naïve Bayes 

Classifier, Feature selection 

I. INTRODUCTION 

An intrusion detection system (IDS) is a system for detecting intrusions that attempting to misuse the 

data or computing resources of a computer system. In the last decade lots of computer security 

techniques have been intensively studied to defend against various cyber-attacks and computer 

viruses. Among them, network intrusion detection system has been considered to be one of the most 

promising methods for defending vibrant intrusion behaviors. Different detection techniques can be 

employed to search for attack patterns in the data monitored. The two major approaches are misuse 

detection and anomaly detection. Misuse detection consists of using patterns of well-known intrusions 

to match and identify known labels for unlabeled datasets. It is unable to detect new attacks whose 

patterns are not presented. Anomaly detection approach is important in order to detect novel attacks. It 

typically relies on knowledge of normal behavior and detects any deviation of a new behavior from 

the learned normal profiles. However, false positives are also weaknesses of anomaly detection but 

the low false negatives are its strength. Current anomaly IDS is unable to detect all kind of novel 

attacks because they are designed to restricted applications on limited environment. The essential step 

in successfully detecting intrusions is to develop a model that describes most known as well as novel 

unseen attacks. 

In this paper we use original NSL-KDD [1] training and the test dataset, which have totally different 

distributions due to novel intrusions, introduces in the test data. The training dataset is made up of 22 

different attacks out of 39 present in the test data. The attacks that have any occurrences in the 

training sets should be considered as known attacks and others those are absent in the training set and 

present in the test set, considered as novel attacks. However, many researchers achieved good 

detection accuracy for old attacks that is included in the training data but poor detection accuracy for 

new attacks that are only in the test data. In our study we have introduce new merged dataset of 

training and test set to improve the precision and accuracy for all types of attacks.  
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Table 1 shows the different attack types for both training (known) and additional attack types included 

in testing (novel)   for the following four categories: 

Table 1: Depicts Known and Novel attacks 

Attacks 
Category 

Known Attacks Novel Attacks 

DoS back, land, neptune,  pod, smurf,teardrop apache2,udpstorm, processtable,  mailbomb 

Probe Ipsweep, satan, nmap, portsweep saint, mscan 

R2L 
ftp_write, guess_passwd, warenzmaster, 

warezclient, imap, phf, spy, multihop 

named, xclock, sendmail, xsnoop, 

worm,snmpgetattack, snmpguess 

U2R rootkit, loadmodule, buffer_overflow, perl xterm, ps, sqlattack, httptunnel 

 

� Denial-of-Service (DoS): Attackers tries to prevent legitimate users from using a service, these 

are smurf, neptune, back, teardrop, pod and land.  

� Probe: Attackers tries to gain information about the target host. Port Scans or sweeping of a given 

IP-address range typically fall in this category (e.g. saint, ipsweep, portsweep and nmap).  

� User-to-Root(U2R):Attackers has local access to the victim machine and tries to gain super user 

privileges, these are buffer_overflow, rootkit, landmodule and perl.  

� Remote-to-Local(R2L): Attackers does not have an account on the victim machine, hence tries to 

gain access, these are guess_passwd, ftp_write, multihop, phf, spy, imap, warezclient and 

warezmaster.  

The rest of this paper is organized as follows. In section 2, we discuss the related work. In section 3, 

we describe NBC with its complexity and discretization technique. Section 4 presents the Feature 

Selection. The proposed method described in section 5. The experiments and results are presented in 

section 6.  Finally, we summarize the paper and outline future research in section 7.   

II. RELATED WORK 

IDSs are still experiencing difficulties in detecting intrusive activity on their networks since novel 

attacks are consistently being encountered.  Many IDSs are rule based systems which have limited 

extensibility for novel attacks. The process of encoding rules is expensive and slow. To overcome 

these limitations, a number of IDSs employ data mining techniques which are more flexible and 

deployable. 

Over the past several years, a growing number of research projects have applied data mining to 

intrusion detection with different algorithms [2,3,4].On the basis of type of processing related to the 

behavioral model of the target system, authors in [5] classified anomaly detection techniques into 

three main categories: statistical-based, knowledge-based and machine learning based. In [6] authors 

investigated the applicability of the Junction Tree Algorithm (JTA) in anomaly based intrusion 

detection. The approach aims at building privileged process profiles and to detect anomalies by 

measuring deviation from the created profile. The disadvantage of this proposed method is its 

considerable computational price i.e. O(TM
2
), where M

2 
is the cardinality of the clique state space. 

Anomaly network intrusion detection based on data mining techniques such as decision tree (DT), 

naïve Bayesian classifier (NB), neural network (NN), support vector machine (SVM), k-nearest 

neighbors (KNN), fuzzy logic model, and genetic algorithm have been widely used by researchers to 

improve the process of intrusion detection [7]-[13]. However, there exist various problems that induce 

the complexity of detection systems such as low detection accuracy, unbalanced detection rates for 

different attack types, and high false positives. 

There have been many techniques used for machine learning applications to tackle the problem of 

feature selection for intrusion detection. In [14], author used PCA to project features space to 

principal feature space and select features corresponding to the highest eigen values using Genetic 

Algorithm. In [15] author used feature ranking algorithm to reduce the feature space by using 3 

ranking algorithm based on Support Vector Machine (SVM) , Multivariate Adaptive Regression 

Splines (MARS) and linear Genetic programs (LPGs).In [16] author proposes “Enhanced Support 
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Vector Decision Function “for feature selection, which is based on two important factors. First, the 

feature’s rank, and second the correlation between the features. In [17], author proposes an automatic 

feature selection procedure based on Correlation –based Feature Selection (CFS).   

In [18] author investigate the performance of two feature selection algorithm involving Bayesian 

network(BN) and Classification & Regression Tee (CART) and ensemble of BN and CART and 

finally propose an hybrid architecture for combining different feature selection algorithms for 

intrusion detection. In [19], author proposes two phases approach in intrusion detection design. In the 

first phase, develop a correlation-based feature selection algorithm to remove the worthless 

information from the original high dimensional database. Next phase designs an intrusion detection 

method to solve the problems of uncertainty caused by limited and ambiguous information. In [20] 

author presents an Intelligent Intrusion Detection and Prevention System (IIDPS), which monitors a 

single host system from three different layers; files analyzer, system resource and connection layers. 

The approach introduced, a multi – layered approach, in which each layer harnesses both aspects of 

existing approach, signature and anomaly approaches, to achieve a better detection and prevention 

capabilities. In [21] authors presented “A frame work using a layered approach for intrusion 

detection”. They have addressed two main issues of ID i.e. accuracy and efficiency by using 

conditional random fields and layered approach. In [22], Author presents a novel approach for 

learning from imbalanced data sets, based on a combination of the SMOTE algorithm and the 

boosting procedure. Unlike standard boosting where all misclassified examples are given equal 

weights, SMOTE Boost creates synthetic examples from the rare or minority class, thus indirectly 

changing the updating weights and compensating for skewed distributions. To address such issues, 

recently many IDSs are designed but only some of them are handling novel attacks   

III. NAÏVE BAYES CLASSIFIER 
The Naïve Bayes classifier technique is based on the Bayesian theorem and is particular suited when the 

dimensionality of the input is high. Despite its simplicity Naïve Bayes can often outperforms more sophisticated 

classification method. It works on strong independence relation assumption [9], that is, features are independent 

in the context of a session class and the probability of one attribute does not affect the probability of the other. It 

is defined as follows:  

P�	c|X� =
P�X|c�P�c�

P�X�
									i. e. �c|X� = P�x1|c� × P�x2|c� × …× P�xn|c� × P�c	�																		�1� 

Where, 

• P(c|x) is the posterior probability of class (target) given predictor (attribute).   

• PI is the prior probability of class.   

• P(x|c) is the likelihood which is the probability of predictor given class.   

• P(x) is the prior probability of predictor.  

Assume that, the effect of the value of a predictor(X) on a given class Iis independent of the values of 

other predictor. 

Time & Space Complexity  

The theoretical time complexity for learning a Naïve bayes classifier is O(Np), where N is the number 

of training examples and p is the number of features. The theoretical space complexity for Naive 

Bayes algorithm is O(pqr), where p is the number of features, q is values for each feature, and r is 

alternative values for the class [23]. 

Discretization for Naïve Bayes Classifier 

Research study shows that Naïve Bayes classification works best for discretized attributes and 

discretization effectively approximates a continuous variable [24]. We used the entropy-based 

supervised discretization (EBD) method proposed by Fayyad and Irani [25]. It discretizes numeric 

attributes first using Minimum Description Length (MDL) method. 

Given a set of samples I, the basic method for EBD of an attribute A is as follows: 
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1. Each value v of A can be considered as a potential interval boundary Band thereby can create a 

binary discretization (e.g. A < v and A ≥v). 

2. Given I, the boundary value selected is the one that maximizes the information gain resulting from 

subsequent partitioning. The information gain is: 

InfoGain (I,B) =E ( I ) – CIE(I,B)    (2) 

Where CIE (I, B) is the class information entropy determined by the formula: 

�����, �� =
|��|
|�| E(��)  + 

|��|
|�|   E(��)                    (3) 

Where|I1| and |I2| correspond to the examples of I satisfying the conditions A <B and A ≥B 

respectively. The entropy function E for a given set Ii is calculated based on the class distribution 

of the samples in the set, i.e.: 

����� = 	−� � 
� log� $� 

�%
&

'(�
         (4) 

Where 
� 
�  is the probability of class cj in Ii, determined by the proportion of samples of class cj in the 

set Ii and m is the number of classes in Ii. 

3. The process of determining a new interval boundary is recursively applied to each interval 

produced in previous steps, until the following stopping criterion ∆  based on MDL principle is 

satisfied: 

 

�)*+,-.)��, �� < ∆ 
 

∆= 1+2��) − 1� + 1+2��3& − 2� − 56���� − 6������ − 6������7
) 																							�5� 

Where mi is the number of classes represented in the set Ii and n is the number of samples in I. 

 

Since the described above procedure is applied independently for each interval, it is possible to 

achieve the final set of discretization intervals with different size that is, some areas in the continuous 

spaces will be partitioned very finely whereas others (with relatively low entropy) will be partitioned 

roughly. 

IV. FEATURE SELECTION 

The 41 features for network connection records fall into three categories [26]. 

• Intrinsic features. Intrinsic features describe the basic information of connections, such as the 

duration, service, source and destination host, port, and flag. 

• Traffic features. These features are based on statistics, such as number of connections to the 

same host as the current connection within a time window. 

• Content features. These features are constructed from the payload of traffic packets instead of 

packet headers, such as number of failed logins, whether logged in as root, and number of 

accesses to control files. 

Feature selection is an effective and an essential step in successful high dimensionality data mining 

applications [27]. It is often an essential data processing step prior to applying a learning algorithm. 

Reduction of the irrelevant features leads to a better understandable model, enhances the accuracy of 

detection while speeding up the computation and simplifies the usage of different visualization 

technique. Thus reducing attribute space improves the overall performance of IDS. 

Currently features are designed by domain knowledge experts. We also employ domain knowledge 

and the Backward Sequential Elimination (BSE) [28] to identify the important set of features: starting 

from the full set of features, BSE successively eliminates the attributes whose elimination most 

improves accuracy, until there is no further accuracy improvement. 
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V. PROPOSED METHOD 

During the analysis of intrusion detection we observe two main challenging issues in this system. 

First, the number of intrusions on the network is typically a very small fraction of the total traffic. 

Therefore the essential step in successfully detecting intrusions is to develop a model that describes 

most known as well as novel unseen attacks. Second, the attack groups are different in their impact 

and hence, it becomes necessary to treat them differently.  

To improve the novel attack detection rate, while maintaining a reasonable overall detection rate. We 

proposed a layered model with naïve bayes classifier on discretized values. Since results using 

discretized features are usually more compact, shorter and accurate using continuous values.  In 

layered model we define three layers for detecting DoS, probe, R2L and U2R attacks. The first layer 

is to detect major attacks like DoS and Probe. The second layer is for R2L and the third layer for U2R 

attack detection. Each layer is separately trained with a small set of relevant features and then 

deployed sequentially. However some researchers have proposed four layer models to detect each 

type of attack separately. But during experiments we have found that, the feature set for DoS and 

Probe is almost nearer to the similarity. It motivates us to define a single superset for the investigation 

of these two major attacks which reduces time and complexity of the model at the major extent. 

We select features for each layer, based upon the type of attacks that the layer is trained to detect and 

feasibility of each feature before selecting it for a particular layer. The selected feature set of proposed 

model for all the three layers are: 

Table 2: Depicts Proposed Model Feature Set for Three Layers 

Layer 
Number Attack Type Feature Number Feature Set for Layer  

Layer 1 

 

DoS& PROBE 

Attack 

1, 3, 5, 6, 30, 33, 

36 

duration, service, src_bytes, dst_bytes, diff_srv_rate,  

dst_host_srv_count, dst_host_same_src_port_rate 

Layer 2 R2L attacks 3, 5, 6, 10, 32 Service, src_bytes, dst_bytes, hot, dst_host_count 

Layer 2 U2R attacks 

2, 3, 5, 6, 10, 14, 

24, 32, 33, 34, 35, 

36, 37, 40 

protocol_type, service, src_bytes, dst_bytes, hot, 

root_shell, srv_count, 

dst_host_count,dst_host_srv_count, 

dst_host_same_srv_rate, 

dst_host_diff_srv_rate,dst_host_same_src_port_rate, 

dst_host_srv_diff_host_rate, dst_host_reeror_rate 

*Appendix A shows all Feature set of NSL KDD Dataset 

To make the layers independent, some features may be present in more than one layer i.e. the feature 

set for the layer is not disjoint. 

Working of the Layered Model 

We implement the layered approach by selecting small set of features for every layer rather than using 

all the 41 features. This is because all the 41 features are not required for detecting attacks belonging 

to a particular attack group. We integrate layered approach and the naïve bayes classifier to build a 

single system. For our experiment we use original NSL-KDD [1] training and the test dataset, which 

have totally different distributions due to novel intrusions, introduces in the test data. The training 

dataset is made up of 22 different attacks out of 39 present in the test data. These 39 attacks can be 

grouped into four classes; Probe, DoS, R2L and U2R. 

We train and test each layer to detect only a particular type of attacks. For example, first layer of our 

proposed model is trained to detect major attacks DoS and Probe only. When such a system is 

deployed online, other attacks such as R2L can either be seen as normal or major attack. If R2L 

attacks are detected as normal, we expect them to be detected as attack at other layers in the system. 

However, if the R2L attacks are detected as major attacks, it must be considered as an advantage since 

the attack is detected at an early stage. Similarly, if some major attacks are not detected at the major 

attack layer, they may be detected at subsequent layer. Hence, for four attack classes, we have three 
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independent layer models, which are trained separately with specific features to detect attacks 

belonging to that particular group. We represent the layered model in Fig. 1 

 
Fig. 1 Shows the working of proposed layered model 

VI. EXPERIMENTS AND RESULTS 

Dataset Description 

For our experiments, we use the NSL-KDD intrusion training and test data set.. It is important to note 

that the test data is not from the same probability distribution as the training data and it includes 

specific attack types not present in the training data. Thus, for the purpose of this paper, we modified 

the datasets. We merged original training and test datasets (i.e. train + test set). As we described in 

section 1, that the test set contains some novel attacks which are not present in the training set. If we 

use training-test model i.e. build the learning model using training set and validate it using test set, 

will never be succeeded because it will fail to recognize/learn those attacks which are not present in 

the learned model. Finally, we used the new merged dataset with 1, 48, 517 instances in our 

experiment. Table 2 gives the number of instances for each group of attack in the merged data set. 

Table 3. Exemplify distribution of classes and the percentage of attacks occurred in the merged dataset 

Category of Class          (class) Number of instances Percentage of Class Occurrences 

(Approximate) 

Normal 77,054 51.88 

DoS 53,385 35.94 

Probe 14,077 9.47 

R2L 3,749 2.52 

U2R 252 0.1 

Total 1,48,517 100% 
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Fig 2 The distribution of network connections in the new dataset 

 
We used WEKA 3.6 a machine learning tool [29], to compute the feature selection subsets for 

different layers and to measure the classification performance for each of these feature sets. We 

choose the NBC with full training set and 10-fold cross validation for the testing purposes. In 10-fold 

cross-validation, the available data is randomly divided into 10 disjoint subsets of approximately 

equal size. One of the subsets is then used as the test set and the remaining 9 sets are used for building 

the classifier. The test set is then used to estimate the accuracy. This is done repeatedly 10 times so 

that each subset is used as a test subset once. The accuracy estimates is then the mean of the estimates 

for each of the classifiers. Cross-validation has been tested extensively and has been found to 

generally work well when sufficient data is available.  

 

 

 

 

 

 

 
  Fig 3 K-Fold Cross Validation 

The advantage of K-Fold Cross validation is that all the examples in the dataset are eventually used 

for both training and testing. The true error estimate is obtained as the average of the separate 

estimates Ei of test examples/instances.  

																	� = 1
9 ���

:

�(�
																																																																																				�6� 

Results 

To evaluate the results of our experiments, we have used standard metrics such as confusion & cost 

matrix, true positive rate, false positive rate and classifier’s accuracy.  

Confusion Matrix- This may be used to summarize the predictive performance of a classifier on test 

data. It is commonly encountered in a two-class format, but can be generated for any number of 

classes. A single prediction by a classifier can have four outcomes which are displayed in the 

following confusion matrix.  
 

 

 

 

 

 

True Positive (TP), the actual class of the test instance is positive and the classifier correctly predicts 

the class as positive. False Negative (FN), the actual class of the test instance is positive but the 
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classifier incorrectly predicts the class as negative.  False Positive (FP), the actual class of the test 

instance is negative but the classifier incorrectly predicts the class as positive. True Negative (TN), 

the actual class of the test instance is negative and the classifier correctly predicts the class as 

negative. 

True Positive Rate (TPR) or Sensitivity or Recall (R) is defined as: 

TPR=TP/(TP+FN)                   (7) 

False Positive Rate (FPR) is: 

FPR=FP/(TN+FP)       (8) 

We can obtain the accuracy of a classifier by 

Accuracy =(TP+TN)/(TP+FN+FP+TN) * 100 %     (9) 

Cost Matrix-Different misclassifications have different levels of consequences. For example, 

misclassifying R2L as Normal is more dangerous than misclassifying DoS as Normal. We use the cost 

matrix [30] to measure the damage of misclassification.  

Let Mij denotes the number of samples in Class I misclassified as Class j. Cij indicates the 

corresponding cost in the cost matrix. N be the total number of the samples.  

The cost that indicates the average damage of misclassification for each connection is computed as: 

 

�+<= = �>�' × ��'
? 																																																																																					�10� 

 
Class Types Normal DoS Probe R2L U2R 

Normal 0 1 2 2 2 

DoS 1 0 2 2 2 

Probe 2 1 0 2 2 

R2L 3 2 2 0 2 

U2R 4 2 2 2 0 

 

We perform two sets of experiments. From the first experiment, we wish to examine the accuracy of 

NBC and DT for intrusion detection. For this experiment we do not consider feature selection, and the 

systems are trained using all the 41 features.  From the results of this experiment we observe that 

decision tree achieves higher attack recall rate for DoS, Probe and R2L, with low FPR for all the 

attack types, while NBC performs much better for U2R attacks. Table 4shows the results achieved 

from the first experiment. 

Table 4 Performance of Non Layered Naïve Bayes Classifier (NBC) & Decision Tree (DT) with 41 features set 

Attack Classes 
Non-layered NBC Non-layered DT 

Recall (%) FPR(%) Recall(%) FPR(%) 

DoS 91.0 0.2 99.9 0.1 

Probe 96.5 2.1 99.3 0.4 

R2L 91.2 1.3 95.7 0.1 

U2R 83.7 1.2 69.8 0 

 

The U2R attacks are very difficult to detect since they involve the semantic details that are very 

difficult to capture at an early stage. In fact, within decision trees, when a class is represented by a low 

number of training instances, it leads to a weak learning regarding this class and consequently to a 

misclassification of testing connections really belonging to it. However, from computational point of 

view, the construction of naïve bayes is largely faster than decision tree, table 5 shows time consumed 

to build model decision tree and naïve bayes classifier. 
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Table 5: Depict time consumed to build model by Naïve Bayes and Decision Tree (with all 41 features) 

 

 

 

Result obtained from first experiment motivate us to move forward for our second experiment using  

naïve bayes classifier with feature selection for every attack group separately, instead of using all 41 

features. This integrated model call by us as layered model with naïve bayes. Investigate on the 

performance of proposed model theTable6 clearly indicates empirical result of high detection rate for 

R2L and U2R attack as well as majority attacks. 

Table 6: Attack Detection Performance of proposed approach 

Attack Types Recall (%) FPR(%) 
DoS 99.05 0.6 

Probe 98.68 0.1 

R2L 95.4 0.7 

U2R 90.8 0.1 

 

 
 

Fig 4 shows comparative results on Recall rate 

 
Fig 4 shows the result of proposed model in comparison of non-layered approach using NBC and DT. 

 

Table 7 Layer-wise time taken to build proposed model 

 

 

 

 

 

Table 7 shows the total time consumed to build proposed model which is very less in comparison of 

non-layered NBC and DT as Fig 5 shows. 
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Non-Layered NBC 41.95 Sec. 
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Fig 5 Shows comparative results on time taken to build models 

VII. CONCLUSION AND FUTURE WORK 

In this paper we have addressed two challenging issues of IDS. First, the number of intrusions on the 

network is typically a very small fraction of the total traffic and second the attack groups are different 

in their impact. For these two issues it becomes necessary to develop a model which describes most 

known as well as novel attacks accurately and efficiently.  In our work we performed two 

experiments. The first experiment is Non layered approach using NBC and DT. The result indicates 

that the performance of DT is much better than NBC, but consumes very large computational time. 

Hence, we preferred NBC for the second experiment which comprises of three layers for attack 

detection. The first layer for the major attack detection, second for the R2L and the last one for the 

U2R attack detection. Since the attack groups are different in their impact, hence we treat them 

separately by selecting different feature subsets for each layer. The experimental results indicate that 

the performance of non-layered approach using DT with 41 features is nearly comparable to proposed 

model but computational point of view, the construction of proposed model is largely faster than 

decision tree and also improve the detection of minor attacks.  

We have not make emphasis on precision vales of attacks. Since the recall and precision goals are 

often conflicting and attacking them simultaneously may not work well, especially when one class is 

rare. The area of future research includes improving the recall rate of attacks, without sacrificing the 

precision value. 
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APPENDIX A 

List of 41 Features of NSL-KDD Dataset 

S.No. Feature Set  S.No. Feature Set  S.No. Feature Set 

1.  duration  15.  su attempted   29.  samesrv rate 

2.  protocol type  16.  # root   30.  diffsrv rate 

3.  service  17.  # file creations  31.  srv diff host rate 

4.  flag  18.  # shells   32.  dst host count  

5.  source bytes   19.  # access files   33.  dst host srv count 
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6.  destination  20.  # outbound cmds  34.  dst host same srv rate 

7.  land  21.  is host login   35.  dst host diff srv rate 

8.  wrong fragment  22.  is guest login   36.  dst host same src port rate 

9.  urgent  23.  Count   37.  dst host srv diff host rate 

10.  hot  24.  srv count   38.  dst host serror rate 

11.  failed logins.   25.  serror rate  39.  dst host srvserror rate 

12.  logged in   26.  srvserror rate  

bytes 

 40.  dst host rerror rate 

13.  compromised  27.  rerror rate  41.  dst host srvrerror rate 

14.  root shell   28.  srvrerror rate     
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ABSTRACT 

The paper proposes highly authenticated biometric security system for the ATM access. The conventional 

fingerprint static points are applied in the existing works for authentication. The ridge features, minutiae points 

of fingerprint and iris are considered in the proposed system for increasing the matching scores against the 

occurrence of distortions and non-linear deformations. Consecutive steps are processed in the proposed system. 

First, preprocessing steps of the proposed system is done by introducing some appropriate algorithms. 

Secondly, key points are generated based on the iterative process to traverse for evaluating the costs of each 

fingerprint (ridge length, ridge direction, ridge curvature, ridge type) and iris (points) simultaneously using the 

cryptosystem features for identification of valid users from the database. Hence, the authentication is high in the 

proposed application of ATM access. 

KEYWORDS: Fingerprint matching, minutiae points, iris recognition, key points, cryptosystem. 

I. INTRODUCTION 

Biometrics and cryptography play an important role in the field of security. Crypto-biometrics is an 
emerging architecture where cryptography and biometrics are merged to achieve high level security 
systems. The advantage that Biometrics presents is that the information is unique for each individual 
and that it can identify the individual in spite of variations in the time. A blend of these two 
technologies can produce a high level of security system, known as crypto biometric system that 
assists the cryptography system to encrypt and decrypt the messages using bio templates. Fingerprint 
and Iris points are an essential index in the enforcement of security and maintenance of a reliable 
identification [5]. Fingerprint is currently being used as variables of security during voting, operation 
of bank account among others. It is also used for controlling access to highly secured places like 
offices, equipment rooms, control centers and so on. Iris recognition is also a proven, accurate means 
to identify people. An efficient method for personal identification based on the pattern of human iris. 
Iris recognition is a method for biometric authentication that uses pattern-recognition techniques 
based on high-resolution images of the iris of an individual. It will be highly secure and reliable 
authentication if the fingerprint identification is used in fusion with the Iris recognition [6][11]. In this 
paper, the fingerprint and iris are considered for providing mutual authentication between the server 
and the user. At first, the fingerprint features are obtained from the fingerprint image using 
segmentation, orientation field estimation and morphological operators. Consecutively the texture 
features are acquired from the iris image by segmentation, estimation of iris boundary and 
normalization. Minutiae points and iris texture, the two extracted features are then fused at feature 
level to build the multimodal biometric template. 
In this paper, the fingerprint and iris are considered for providing mutual authentication between the 
server and the user. At first, the fingerprint features are obtained from the fingerprint image using 
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segmentation, orientation field estimation and morphological operators. Fig 1(a). Consecutively the 
texture features are acquired from the iris image by segmentation, estimation of iris boundary and 
normalization. The two extracted features of minutiae points and iris textures are then fused at feature 
level to build the multimodal biometric template. Then the user’s fingerprint and iris images are 
converted and stored as encrypted binary template, which is used for authentication by the server [6]. 
Thus the user’s biometric verification data are first transformed into a strong secret and is then stored 
in the server’s database during registration. During log-in procedure authentication is done both at 
client side and server side without transmitting the biometric measurement from the user to the server. 
Further the user and the server communicate with each other with a secret session key that is 
generated from the biometric for the rest of the transactions.  
 

 

 

 

 

Fig. 1(a). Fingerprint points       1(b). Iris points                                                          

II. PROBLEM DEFINITION 

Many researchers have been carried out in the field of authentication and Key Exchange protocols, 
which are based on passwords. The Password based user authentication systems are low cost and easy 
to use but however, the use of passwords has intrinsic weaknesses. The user chosen passwords are 
inherently weak since most users choose short and easy to remember passwords [10]. If only 
fingerprint matching is used then it cannot be reliable one and it has the chances of attacks. If the 
fingerprint used in fusion with iris recognition, then the chances of knowing the user’s account is 
reduced because of verifying the two biometrics matching scores.  

III. PROPOSED SYSTEM 

In the proposed work, to provide mutual authentication and key generation in the ATM access, the 
biometric information from both the fingerprint and iris are considered. The multimodal biometric 
information is fused for mutual authentication and key generation.  

 

 

 

 

 

 

 

 

 

 

 

 

    

 

Figure2. The proposed system flow diagram 
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The use of multimodal biometrics for key generation provides better security, as it is made difficult 
for an intruder to spool multiple biometric traits simultaneously. This system is a biometric-only 
system in the sense that it requires no user key cryptosystem and, thus, no Public Key Infrastructure 
(PKI). This makes the system very attractive considering PKIs are proven to be expensive to deploy in 
the real world. Moreover, it is suitable for online web applications due to its efficiency in terms of 
both computation and communication. 

3.1. Fingerprint preprocessing 

The major Minutia features of fingerprint ridges are: ridge ending, bifurcation and short ridge. The 
ridge ending is the point at which a ridge terminates. Bifurcations are points at which a single ridge 
splits into two ridges. Short ridges which are significantly shorter than the average ridge length on the 
fingerprint [4].Before extracting the proposed ridge features, we need to perform some preprocessing 
steps. These steps include typical feature extraction procedures as well as additional procedures for 
quality estimation and circular variance estimation. We first divide the image into 8x8 pixel blocks. 
Then, the mean and variance values of each block are calculated to segment the fingerprint regions in 
the image. We then apply the method described in [1] to estimate the ridge orientation and the ridge 
frequency is calculated using the method presented in [2]. The Gabor filter [9] is applied to enhance 
the image and obtain a skeletonized ridge image. Then, the minutiae (end points and bifurcations) are 
detected in the skeletonized image. The quality estimation procedure is performed in order to avoid 
extracting false minutiae from poor quality regions and to enhance the confidence level of the 
extracted minutiae set. 

 

 

 

 

 

 

 

Fig 3. Ridge based co-ordinate system                        Fig 4. Examples of Ridge Types 

3.1.1. Extraction of Minutiae Points: 

Minutiae extraction: The process of minutiae point extraction is carried out in the enhanced 
fingerprint image. The steps involved in the extraction process are Binarization and Morphological 
Operators. Binarization is the process of converting a grey level image into a binary image. It 
improves the contrast between the ridges and valleys in a fingerprint image and thereby facilitates the 
extraction of minutiae. The grey level value of each pixel in the enhanced image is examined in the 
binarization process. If the grey value is greater than the global threshold, then the pixel value is set to 
a binary value one; or else, it is set to zero. In minutiae extraction algorithms, there are only two 
levels: the black pixels that denote ridges, and the white pixels that denote valleys. Morphological 
operators are applied to the binarized fingerprint image. It eliminates the obstacles and noise from the 
image. Furthermore, the unnecessary spurs, bridges and line breaks are removed by these operators. 
The process of removal of redundant pixels till the ridges become one pixel wide is facilitated by 
ridge thinning. The thinning algorithm to a fingerprint image preserves the connectivity of the ridge 
structures while forming a skeleton version of the binary image. The ridges are thinned using the 
appropriate algorithms and the ridge scores are taken based on the ridge end or ridge bifurcation [4]. 
Thus the cryptographic keys are produced using the extracted points. 
The overall procedure for extracting ridge features is as follows: 
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1) The preprocessing steps are implemented for extracting the skeletonized ridge factors from a 
fingerprint. 

2) The ridge valley structures are traversed along the vertical axis from each minutia origin. 
3) When the vertical axis intersects with the ridges attached to a minutia, extract the ridge 

features and form a ridge feature vector between the origin and the minutia. 
4) Keep traversing all the ridges until vertical axis reaches a background region or reaching a 

poor quality region or reaching a high circular variance region in the fingerprint. 
5) If all minutiae are used as the origin minutiae, terminate the procedure. Otherwise return to 

the step 2. 
The termination conditions include the following three cases: 
       1) The vertical axis reaches a background region in the fingerprint image. 
       2) The vertical axis reaches a poor quality region in the fingerprint image. 
       3) The vertical axis reaches a high circular variance region in the fingerprint image. 

3.1.2. Fingerprint matching 

The procedure for fingerprint matching is as follows: 
1. Initially match any pair of ridge-based coordinate systems extracted from the enrolled fingerprint 

image and the input fingerprint image using dynamic programming. 
2. Select the top degree of matched ridge-based coordinate pairs. 
3. For every initially matched pair, a breadth-first search (BFS) is performed to detect the matched 

ridge-based coordinate pairs incrementally. 
4. Check the validity of the matched coordinate pairs using the relative position and orientation of 

the minutiae and count the number of matched minutiae. 
5. Repeat the above two steps and then return the maximum number of matched minutiae. 
6. Compute the matching score. 
Hence, the ridge feature vectors in a ridge based coordinate system are gathered in sequence based on 
the ridge counts and stored as the elements of an ordered sequence. Then all the enrolled coordinates 
of ridges are compared sequentially. 

 
 
 
 
 
 

 
 

 

 

 

 

 

 

 

 

 

 

 

 

Fig 5. Extraction of Fingerprint minutiae points 

 

3.2. IRIS PREPROCESSING 

An annular part between the pupil and the white sclera called the human iris, has an astonishing 
structure and presents a bounty of interlacing minute characteristics such as freckles, coronas, stripes 
and more. These perceptible characteristics that are usually called the texture of the iris are unique to 
every subject [7]. The procedures included in the feature extraction process of the iris image are as 
follows: 
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3.2.1. Segmentation: Iris segmentation is a significant module in iris recognition since it defines the 
effective image region utilized for consequent processing such as feature extraction. The iris image is 
first fed as input to the canny edge detection algorithm that produces the edge map of the iris image 
for boundary estimation. The exact boundary of pupil and iris is located from the detected edge map 
using the Hough transform. 

3.2.2. Iris Normalization: When the iris image is proficiently localized, then the subsequent step is to 
transform it into the rectangular sized fixed image. Daugman’s Rubber Sheet Model [8] is utilized for 
the transformation process. 
On polar axes, for each pixel in the iris, its equivalent position is found out. This process consists of 
two resolutions. They are Radial resolution and Angular resolution. The former is the number of data 
points in the radial direction whereas, the later part is the number of radial lines produced around iris 
region. Utilizing the following equation, the iris region is transformed to a 2D array by making use of 
horizontal dimensions of angular resolution and vertical dimension of radial resolution. 

I[x(r, θ), y(r, θ )] → I (r, θ )      (1) 

where, I (x, y) is the iris region, (x, y) and (r, θ) are the Cartesian and normalized polar coordinates 
respectively. The range of θ is [0 2π] and r is [0 1]. x(r, θ ) and y(r, θ) are described as linear 
combinations set of pupil boundary points. 
To perform the transformation, the formulas are given in (2) to (7). 
 

x(r, θ) = (1- r)xp (θ) + xi (θ)                       (2) 

y(r, θ) = (1- r)yp (θ) + yi (θ)                       (3) 

xp (θ) = xp0(θ) + rpCos(θ)                        (4) 

yp (θ) = yp0(θ) + rpSin(θ)                         (5) 

xi (θ) = xi0 (θ) + riCos(θ)                           (6) 

yi (θ) = yi0 (θ) + riSin(θ)                            (7) 

where (xp , yp ) and (xi , yi ) are the coordinates on the pupil and iris boundaries along the direction. 
(xp0, yp0), (xi0 , yi0 ) are the coordinates of pupil and iris centers [12]. 

3.2.3. Extraction of iris texture: The normalized 2D form image is disintegrated up into 1D signal, 
and these signals are made use to convolve with 1D Gabor wavelets. The frequency response of a 
Log-Gabor filter is as follows, 
 

                                                                                                                  (8) 
 
 
where f0 indicates the centre frequency, and σ provides the bandwidth of the filter. The Log-Gabor 
filter outputs the biometric feature of the iris. 
 
 
 
 
 
 
 
 
 
 
 
 
 

Fig 5. Extraction of Iris features 
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3.3. Feature Level Fusion of Fingerprint and Iris Features 
There are two sets of features used for fusion. They are Fingerprint features and Iris features. The next 
step is to fuse the two sets of features at the feature level to obtain a multimodal biometric template 
that can perform biometric authentication. Each minutiae point extracted from a fingerprint is 
represented as (x, y) coordinates. In this we store those extracted minutiae points in two different 
vectors: Vector F1 contains all the x co-ordinate values and Vector F2 contains all the y co-ordinate 
values. 

F1 = [ x1 x2 x3 ……xn ] ; | F1 | = n       (9) 
 

                                       F2 = [ y1 y2 y3 ……yn ] ; | F2 | = n       (10) 
The texture properties obtained from the log-gabor filter are complex numbers (a + ib). Similar to 
fingerprint representation, we also store the iris texture features in two different vectors: Vector I1 
contains the real part of the complex numbers and Vector I2 contains the imaginary part of the 
complex numbers.  
                                    I1 = [ a1 a2 a3 ……am ] ; | I1 | = m       (11) 
 

                                    I2 = [ b1 b2 b3 ……bm ] ; | I2 | = m      (12) 
Thereby, the input to the fusion process will be four vectors F1, F2, I1, and I2. The fusion process 
results with the multimodal biometric template.  
The steps involved in fusion of biometric feature vectors are as follows. 
1) Shuffling of individual feature vectors: The first step in the fusion process is the shuffling of 

each of the individual feature vectors F1, F2, I1 and I2. The steps involved in the shuffling of 
vector F1 are, 

Step 1: A random vector R of size F1 is generated. The random vector R is controlled by the seed 
value.               
Step 2: For shuffling the ith component of fingerprint feature vector F1, 

a) The ith component of the random vector R is multiplied with a large integer value. 
b) The product value obtained is modulo operated with the size of the fingerprint feature 
vector F1. 
c) The resultant value is the index say ‘ j ’ to be interchanged with. The components in the ith 
and jth indexes are interchanged. 

Step 3: Step (2) is repeated for every component of  F1 . The shuffled vector F1 is represented as S1 .  
The above process is repeated for every other vectors F2, I1 and I2 with S1, S2 and S3 as random 
vectors respectively, where S2 is shuffled F2 and S3 is shuffled I1 . The shuffling process results with 
four vectors S1, S2 , S3 and S4 . 
2) Concatenation of shuffled feature vectors: The next step is to concatenate the shuffled vectors 
process S1, S2, S3 and S4. Here, we concatenate the shuffled fingerprints S1 and S2 with the shuffled 
iris features S3 and S4 respectively. The concatenation of the vectors S1 and S3 is carried out as 
follows: 
Step 1: A vector M1 of size |S1| + |S2| is created and its first |S3| values are filled with S3. 
Step 2: For every component S1, 

a) The corresponding indexed component of M1 say ‘ t ’is chosen. 
b) Logical right shift operation is carried in M1 from index ‘ t ’. 
c) The component of S1 is inserted into the emptied tth index of M1 . The aforesaid process is 
carried out between shuffled vectors S2 and S4 to form vector M2. Thereby, the 
concatenation process results with two vectors M1 and M2. 

3) Merging of the concatenated feature vectors: The last step in generating the multimodal biometric 
template BT is the merging of two vectors M1 and M2. 
 The steps involved in the merging process are as follows: 
Step 1: For every component of M1 and M2 , 

a) The components M11 and M21 are converted into their binary form. 
b) Binary NOR operation is performed between the components M11 and M21 . 
c) The resultant binary value is then converted back into decimal form. 

Step 2: These decimal values are stored in the vector BT, which serves multimodal biometric 
template. 
 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

462 Vol. 4, Issue 2, pp. 456-463  
 

IV. FINGERPRINT AND IRIS IMAGE REGISTRATION  

The following computations take place at the user side during registration process: 
1) The user is asked to give the fingerprint input at least five times and the similar minutia is extracted 
to form minutia template (FP). Alike from many iris images of the user the similar iris features are 
extracted to form the iris template (IF). The combined feature template is computed and it is said to be 
Combined Multimodal Features (CMF). 
2) The user then encrypts the minutia template using AES-128 bit symmetric cipher in ECB mode. 
3) The user then sends (UID, EAES(CMF)) to the server for storage in its database. Thus the 
Implementation of multimodal hardening protocol leads to the generation of Strong secret. 

V. MULTIMODAL CRYPTOGRAPHIC  PROTOCOL 

The Algorithm makes the following Assumptions: 
 

1) Let p, q be two large prime numbers such that p = 2q + 1. 
2) Let g Î QRp are of order q where QRp is the group of quadratic residues modulo p. 
The outline of the multimodal Authentication protocol is given below to enable mutual authentication 
and key exchange between the User and the Server. 
Step 1: To initiate a request for service, user computes MB1= EAES (CMF). 
Step 2: The user Computes B1 ≡ gMB1 (mod p). The user sends the user ID along with B1 to the 
server. 
Step 3: Server selects the encrypted minutia template with the user-Id using a table look-up procedure 
and computes B2 ≡ gMB2 (mod p), where MB2 is the encrypted minutiae template stored at the 
server side during registration. Then the server compares whether B1 ≡ B2 (mod p). If it holds the 
server is assured of the authenticity of the user otherwise aborts the authentication protocol. Then the 
server sends B2 to the user. 
Step 4: Upon reception of B2 , User verifies whether B1≡ B2 (mod p). If so authenticated otherwise 
aborts the authentication protocol.  

VI. APPLICATION OF THE PROPOSED SYSTEM 

The proposed work is well suited for the authenticated admittance for the ATM clients to make their 
transactions. The fingerprint and iris features of the client is verified using the proposed cyptosystem 
and the corresponding client is given with the right to access only when the currently extracted 
features generate the key points and using the generated key the features are matched with the features 
stored in the database. 

VII. CONCLUSION AND FUTURE WORK 

The proposed approach consists of three modules namely, 1) Feature extraction, 2) Multimodal 
biometric template generation and 3) Cryptographic key generation. Initially, we extracted the 
minutiae points and texture properties from the fingerprint and iris images respectively. Then, we 
fused the extracted features at the feature level to obtain the multibiometric template and subsequently 
generated a 256-bit secure cryptographic key from the multi-biometric template. The advantage that 
Biometrics presents is that the information is unique for each individual and that it can identify the 
individual in spite of variations in the time (it does not matter if the first biometric sample was taken 
year ago).The pillars of e-learning security are: authentication, privacy (data confidentiality) 
authorization (access control), data integrity and non-repudiation. Biometric is a technique that can 
provide all this requirements with quite lot reliability. The biometrics can be even more effective and 
safe method (is very difficult to falsify), if the gait recognition is used in addition with the fingerprint 
and iris merged cryptosystem.  
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ABSTRACT 
 

In this Paper an area efficient design for highly compact, low power 1-Bit Full adder is presented. The 

proposed Full Adder is based on XNOR-XNOR hybrid CMOS design styles with 32nm and 120nm CMOS 

process technologies. The XNOR gates used in the design are implemented using 3Mosfets only along with 

proper W/L ratio among them. Reduced area is one of the most required features of the modern electronic 

system designed for low cost and high yield, on the other hand, low power dissipation results in high 

performance and portable applications. The tradeoff between cost and performance is fundamental to aim of 

the proposed design. The implemented design consumes less than 1/6
th

 of the area as compared to other 

existing Full adders with less delay and power dissipation without trading of driving capabilities and 

reliabilities. The new Full adder successfully operates at low voltage upto 0.35V and operating frequency 

range between 2MHz to 400MHz with excellent linearity, signal integrity and driving capability. The layout 

designing is done manually using an educational tool called Micro wind 3.1.Simulation of layout and 

parametric analysis is performed and results are discussed. It can be concluded that the proposed full adder 

is more reliable in terms of Area, Power dissipation and Speed. 
 

KEYWORDS: Area Efficient, Pass Transistor Logic(PTL), Transmission gate(TG), 3T( three transistors), 

DSCH(Digital Schematic). 

I. INTRODUCTION  

Highly compact, Low power and fast circuits are the basic requirement of VLSI Designing. Increasing 

demand of such circuits have fuelled much research into the different styles of VLSI design which can 

be addressed at different design levels, such as the architectural, circuit, layout, and process 

technology level. At the circuit design level, by means of proper choice of logic style and process 

technology considerable effort can be made in the field of these areas. The absence of compact design 

techniques leads to increased circuit cost because the die cost is a strong function of die area. High 

power dissipation from a certain application can result in short battery life, while cooling and packing 

them would be very difficult and thus leading to an unavoidable increase in the cost of the product. 

The use more number of slow PMOS also reduces the speed. Conclusively, area efficiency as well as 

energy efficiency both are significant.  

So far several logic styles have been used to design full adders. One example of such design is the 

standard static CMOS full adder [1]. The main drawback of static CMOS circuits is the existence of 

the PMOS block, because of its low mobility compared to the NMOS devices. Therefore, PMOS 

devices need to be seized up to attain the desired performance. Also in CMOS adders more number of 

transistors are required to realize XOR-XNOR gates, resulting in complex design and increasing the 

chip area. Energy efficient adders [7], [10] though have low PDP,but still consumes a significant area. 

Another conventional adder is the complementary pass-transistor logic (CPL) [1]. Due to the presence 

of lot of internal nodes and static inverters, there is large power dissipation. In the proposed adder 
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proper skewing and efficient utilization of NMOS and PMOS, along with proper choice of inputs, 

PTL and TG can outperforms gate based design in terms of speed, accuracy and power dissipation. So 

the high density layout, speed and compact design advantages of PTL and TG design style can be 

utilized efficiently to design XNOR circuits and multiplexer circuits respectively with a conventional 

CMOS style to design inverter circuit for proposed full adder. The proposed adder therefore can be 

called as hybrid CMOS Full adder with a much reduced area, and thus the reduced circuit cost and 

also can be called as Area Efficient Adder. 

This Paper is structured as Follows: Section 2 introduce the related work regarding Full adders. 

Section 3 briefly introduces the Proposed Hybrid Full Adder Design Methodology. Section 4 

represents simulation tool and methodology. Section 5 represents Full Adder realization, i.e., the 

layout designed in Microwind 3.1 version and their simulated waveforms. Section 6 shows the 

simulation results. Section 7 includes the future work. Finally, Section 8 comprises of conclusion. 

II. RELATED WORK REGARDING FULL ADDER OPTIMIZATION  

Many Papers have been published regarding the optimization of Low power full adders, trying 

different options for the Logic styles like standard CMOS logic[1], Centralized, XNOR/XNOR, and 

XOR/XOR based hybrid logic style [7], [9,], [10], CMOS mixed mode logic family[18],Swing 

restored CPL(SR-CPL)[11]. In the recent publication [7] logic structure for a full adder is prepared by 

examining the full adder truth table, it can be seen that the Sum output is equal to the A⊕B value 

when C=0 and it is equal to (A⊕ B)’ value when C=1. Thus, a multiplexer can be used to obtain the 

respective value taking the C input as the selection signal. Following the same criteria, the Carry 

output is equal to the A.B value when C=0 and it is equal to A+B value when C=1. Again, C can be 

used to select the respective value for the required condition, driving a multiplexer. All these are 

designed using hybrid logic structure which gives really complex structure.  

The proposed adder design although uses Hybrid-CMOS logic design style [10] for the 

implementation, but it generates the sum output with totally different concept. A PTL based 3 

transistors XNOR gates are used to generate sum and a Pass Transistor based multiplexer to obtain 

carry output. The proposed PTL directly XNOR the inputs by just using 3 MOSFETs only, 

eliminating the used of inverters at the inputs, resulting in simple circuitry, reducing the size and 

dissipation to large extent.  

III. PROPOSED FULL ADDER DESIGN METHODOLOGY 

The hybrid Full adder designs can be broken into three modules. Module 1 comprises of an XNOR 
circuit. Module 2 comprises of another XNOR and Module 3 comprises of an inverter and mainly a 2 
to 1 multiplexer. Module I produces intermediate signal that is passed onto Module 2 and Module 3 
that generate SUM and CARRY outputs respectively [7], [10], [12].Figure 1 gives the general form 
of proposed full adder design methodology. 

In this category, A, B and C are XNORed twice to from the Sum and Carry  is obtained by selecting A 

and C using a 2 to 1 multiplexer with intermediate signals H’ and H as select inputs.             
 

3.1. MODULE 1 AND 2 
 

Module 1 & 2 each uses identical XNOR circuits, which we separately design considering some 

important design issues [1], [4].The proposed PTL based 3T XNOR circuit is shown in figure 2. 

The expression of Module-1 is, 

A xnor B = H’ = ((A⊕B)’                                                            (1)                                                  

The expression of Module-2 is, 

SUM = ((A⊕B)’⊕C)’ = (H’⊕C)’                                                (2) 
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Figure1. General from of  XNOR-XNOR based Full adder. 

 
3.1.1. XNOR  REALIZATION 

 

The functionality of 3T XNOR gate is first verified using DSCH 2.7 tool [15] and its timing diagram 

is simulated. The channel width can be changed by double click on the Desired MOS on the 

schematic editor. The schematic for proposed 3T XNOR circuit is shown in figure 2 and its truth table 

in table 1.The 3T XNOR study reveals that the circuit uses only 3 transistors, with 2 NMOS and only 

one PMOS, that results in highly compact and high speed circuit as compared to previous approaches 

[7], [10].Numbers of P transistors are less than the N transistor, that is the key to high speed design.  

 

Figure2. Schematic of Proposed PTL based 3T XNOR gate. 

For A=0,B=1, both P1 and N2 are ON which can leads to undefined output, ‘X’, because P1 tends to 

pull up the output node while N2 tends to pull down the output node. For these input combination an 

XNOR circuit should provide a legal ‘0’ output. It can be possible with the proposed circuit if channel 

width of N2, WN2 is made 3 times that of P1,WP1. 

                                                                i.e.        WN2  = 3×WP1                                                                                                         (3) 
Thus,N2 becomes much stronger than P1.The output for A = 0, B = 1 will then become legal ‘0’, that  
is the output is provided by stronger N2 transistor. 

For 32nm process, the  length of the channel, L=0.040 µm, channel width of N1,WN1  = 0.100 µm, 
channel width of N2, WN2  = 0.600 µm, and channel width of P1,WP1 = 0.200 µm. For 120nm 
process, the  length of the channel, L=0.12 µm, channel width of N1,WN1 = 1.000 µm, channel width 
of N2,WN2  = 6.000 µm, and channel width of P1,WP1 = 2.000 µm.  
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TABLE 1: Analysis of Proposed PTL based 3T XNOR gate 

INPUTS MOSFETS 

LOGIC STATE 

COMBINED 

OUTPUT 

COMBINED OUTPUT 

     With WN2  =3×WP1                                                                                                         

A B P1 N1 N2 A XNOR B A XNOR B 

0 0 ON OFF OFF 1 1 

0 1 ON OFF ON X 0 

1 0 OFF ON OFF 0 0 

1 1 OFF ON ON 1 1 

 
The simulated waveform for the proposed 3T XNOR gate in figure 3, leads to the proof that the 

applied sizing works efficiently. 
 

 
Figure3. Timing Diagram of Proposed PTL based 3T XNOR gate. 

 
 

3.2. MODULE 3 
 

The expression of Module-3 is, 

                                                  CARRY = AH’ + CH                                                            (4) 

This expression is the output of 2 to 1 multiplexer with H and H’ as the select lines. The most 

common implementation of this expression is using transmission gates[10], and the complement of H’ 

i.e., H is obtained using conventional CMOS inverter. 

IV. SIMULATION METHODOLOGY 

The software used for the simulation of proposed work is DSCH 2.7 & Microwind version 3.1.  

The DSCH program is the logic editor and simulator. It is used to validate the schematic of the logic 

circuit before the actual layout design is started. Microwind program allows designing and simulation 

of integrated circuit at the physical description level up to various nano lambda technologies. The 

package contains a library of common logic and analog ICs to view and simulate. The software allows 

circuit simulation by pressing a single key and analog simulation produces voltage and current curves 

immediately. 

The simulation steps refer to the Microwind user manual [15]. First of all manually design the layout 

of proposed full adder schematic shown in figure 4 using the Microwind 3.1.The layout should strictly 

follow the design rules of the respective foundry. The software can handle various technologies right 

from 1.2 µm till 22nm, which can be selected from the file menu. The process parameters are stored in 

files with appendix ‘.RUL’. The selected foundries for the present work are 8- metal 32nm [13] and 

120nm CMOS, stored in the technology files Cmos32n.rul and Cmos012n.rul respectively. The 

foundry can also be manually created by editing the default.rul technology file in the ‘.RUL’ 

directory. The channel width can be adjusted by the MOS generator option located in the palette. 

Second step is to assign the inputs by using clock properties from the palette and can change the 

frequency of operation from it. Third step is to verify the layout in terms of design rules, by clicking 

on Design rule check (DRC) in the analysis menu. Errors are notified in the layout if it violates the 

design rules otherwise a message ‘No Error’ is displayed. If the circuit passes the DRC then the third 

step is to choose the simulation model (level 3 or BSIM 4), then simulate the layouts to get the 

waveforms shown in figure 5 and figure 6.Fourth step is to go to the analysis menu then click on the 

parametric analysis and then the output node carry, then choosing the voltage variations (for present 

work it is from 0.35V to 1.2V).Finally click on the parameter which needs to be calculated e.g. power 
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dissipation(mw),maximum current Idd (ma),rise time, tr(ns), and fall time, tf (ns) from A to carry, for 

chosen model and get the results as shown in figure7 and 8. 

The command File -> Properties provides some information about the current technology, the 

percentage of memory used by the layout and the size of the layout plus its detailed contents.  

V. PROPOSED HYBRID FULL ADDER REALIZATION 
   
In the proposed work, the sum is realized by Module 1 and 2 as per equation 1 and 2. Carry outputs 
are generated as per equation (4), by using Module 3. 
 

5.1. PROPOSED FULL ADDER SCHEMATIC  
 

 

Figure4. Proposed Hybrid 3T XNOR based full adder. 

5.2. FULL ADDER LAYOUT USING 32NM PROCESS 
 

 
               Width:  3.4µm (170 lambda) 

               Height:  2.8µm (140 lambda) 
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               Surf:  9.5µm2  
 

   5.3. FULL ADDER SIMULATED WAVEFORM USING 32NM PROCESS   
 

 
Figure 5.Xnor-Xnor based Full adder waveform,32n 

5.4. FULL ADDER LAYOUT USING 120NM PROCESS 
 

 
         Width: 12.4µm (206 lambda) 

          Height:  8.4µm (140 lambda) 

          Surf: 103.8µm2  
 

5.5. FULL ADDER SIMULATED  WAVEFORM 120NM 
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Figure 6.Xnor-Xnor based Full adder waveform 120nm 

VI. SIMULATION RESULTS 

 

The Performance of the circuit is evaluated based on their Area, Power dissipation, and Speed.  

All the simulations are performed using Microwind 3.1[15].All the results are measured using the 

MOS Empherical level 3 and BSIM Model 4 having different supply voltages like 0.35V, 0.60V, 

0.80V, 1.20V and the operating Temperature is 27°C. In the Empherical Level 3 the threshold 

voltage is 0.4V, Gate oxide thickness 3nm and Lateral diffusion into channel is 0.01µm.In the BSIM 

Model 4 the threshold voltage is 0.18V, Gate oxide thickness 1.5 nm. 

Figure 7(a) shows the power dissipation for 32nm technology using model 3 and figure 7(b) using 

BSIM4.Similarly, figure 8(a) shows the power dissipation for 120nm foundry using model 3 and 

figure 8(b) using BSIM4. 

 

 

(a)                                                                                   (b) 
 

Figure 7.Waveforms showing power dissipation for 32nm Full Adder using (a) Level 3, (b) BSIM4. 
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(a)                                                                                   (b) 
 

Figure 8.Waveforms showing power dissipation for 120nm using (a) Level 3, (b) BSIM 4. 

 
Table II shows the simulation results for 1-bit Full adders Performance comparison, regarding 
area, power dissipation, and maximum current Idd. Both the full adders were supplied with 
different voltages (0.35V, 0.60V, 0.80V and 1.2V).The adder ensures optimum performance for 
frequency range between 2MHz to 400MHz.All the results were simulated and analyzed in the 
range of 50MHz to 200MHz. 

TABLE 2: Simulation Results of Proposed Hybrid Full Adders 
Full Adder  Supply Avg Power Diss. in µW Maximum Current Idd µA  

TechnologyAREA in µm2 Voltage(V) LEVEL-3 BSIM-4 LEVEL-3 BSIM-4  

  0.35 8.00 3.00 47.00 29.00  

3T XNOR 9.50µm2 0.60 21.0 14.50 125.00 156.00  

BASED 

       

 0.80 
35.0 37.00 190.00 281.00 

 

  

      

        

32nm  

1.20 
78.0 94.00 313.00 562.00  

       

        

  0.35 1.80 1.30 166.00 140.00  

 3T XNOR 103.8µm2 

       0.60 
       19.50 24.50 172.00 156.00  

       

        

  BASED 

 

0.80 

73.00 65.00 363.00 363.00  

     

120nm 

      

 

1.20 

235 156.00 1125 870.00 

 

   

       

        

 
From the results in Table 2, we can state the following: 

 
� The Power Dissipation increases with the increase of supply voltage. The table shows 

that there is a less power dissipation in 32nm technology as compared to 120nm full 
adder with the given supply voltages.  

� With regards of current, it can be seen that the maximum current, Idd for 32nm full adder 
design is less than 120nm.  

� On regards of the implementation area obtained from the layouts, it can be seen that both 
the full adders require the smaller area as compared to other previous hybrid CMOS 
approaches, as shown in table 3.This can also be considered as one of the factors for 
presenting lower circuit cost and power dissipation, enhancing the cost-performance 
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parameter to large extent. 
� The proposed adder utilizes only 12 transistors i.e. 7 NMOS and 5 PMOS. The total no. 

of transistors and specially the number of P transistors are much reduced as compared to 
the previous Hybrid approaches. 

� The circuit performance is drastically improves with 0.35V supply. Using 32nm 
Technology, Full adder shows much reduction in power dissipation, i.e. 3.00 µW and 
maximum current, i.e. 29 µA using BSIM4 Model. 

� The simulation waveforms indicate much smooth and accurate functioning of the full 
adder in 32nm as compared to 120nm process. 

 

TABLE 3 : Number of Transistors used in various Hybrid CMOS Full Adders. 

S.NO. FULL ADDER SCHEME NMOS PMOS TOTAL 

[1] CMOS DESIGN STYLE 14 14 28 

 

[7] 

CENTRALIZED 10 10 20 

XOR-XOR BASED 10 10 20 

XNOR-XNOR BASED 10 10 20 

[10] XOR-XOR BASED 10 10 20 

XNOR-XNOR BASED 10 10 20 

 

[9] 

DESIGN 1 7 9 16 

DESIGN 2 6 7 13 

DESIGN 3 6 10 16 

PROPOSED XNOR-XNOR BASED 7 5 12 

VII. FUTURE WORK 

Slight improvement in area, power dissipation, propagation delay and power delay product can 
create huge impact on the overall performance. Much improvements can be done in the area and 
dissipation by redesigning the circuit and analyze various parameters for different sets of transistor 
widths. As different application can be generated using this different modules, designers should take 
a good look at the power consumption at different input voltage. Another important concern for 
designing circuits is delay. Decrease of delay and low input voltage might have an impact on the 
speed of overall circuits. Due to this reason delay is another area where designer can work in future. 
Designer may use the Tanner Tool(S-edit, T-Spice) [16] for schematic designs and simulation or 
designers may use more advanced Microwind Tool such as version 3.5 [19] to design Layouts of 
schematics and to calculate the area. More researches should be fuelled with respect to the delay and 
Power delay product. 

VIII. CONCLUSION 

An alternative internal logic structure for designing full-adder cells was introduced. In order to 
demonstrate its advantages, three transistors XNOR circuit was built. The proposed full adder 
utilizes total 12 transistors only, with much reduced PMOSTs i.e., only 5. The adder is designed 
using Microwind EDA tool version 3.1 with 32nm and 120nm CMOS technology. The designed 
layout is simulated and compared against Area and Power dissipation using Empirical model 3 and 
BSIM 4.The simulation shows that the area required for the full adder is only, 9.5µm2  using 32nm 
foundry and 103.8µm2  using 120nm  foundry, which shows a drastic improvement in saving the 
area to large extent without compromising with the performance. This proves that the proposed adder 
is area efficient. The circuit works efficiently with minimum voltage supply of 0.35 V, and can 
operates at a wide input frequency range between 2MHz to 400MHz.However, circuit performance 
greatly improves in the frequency range from 50MHz to 200MHz. So, the power dissipation can be 
further reduced with selective frequency and supply voltage. For 32nm technology the average delay 
for the proposed adder totally depends on the input frequency and remains fairly constant upto 45ps 
(worst case) from 25MHz to 50MHz and for 120nm it totally depends on the supply voltage and 
ranges from 5ps to 31ps. 
Such circuits are highly applicable in the design approaches in the areas of less availability of power 
supply such as rural development areas and in extended military missions. 
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ABSTRACT 

This paper describes the Phrase-Based Statistical Machine Translation Decoder for English to Sanskrit 

translation in ubiquitous environment. Our goal is to improve the translation quality by enhancing the 

translation table and by preprocessing the Sanskrit language text . We introduce a comprehensive framework for 

a ubiquitous translation and language learning environment utilizing the capabilities of modern cell phone 

technology. We present the architecture of our framework, our current state of implementation, and the findings 

we have gathered so far.  

KEYWORDS: English Sanskrit Translation, Statistical Machine Translation, Ubiquitous Translation, 

Ubiquitous Computing.   

I. INTRODUCTION 

Automatic translation from one natural language into other using computers is the Machine 

Translation.  Statistical machine Translation is an approach to MT that is characterized by the use of 

machine learning methods. This means that we apply a learning algorithm to large body of previously 

translated text, known variously as a parallel corpus, parallel text, bi-text or multi-text. With an SMT 

toolkit and enough enough parallel text, we can build an MT system for a new language pair within a 

very short period of time.  The accuracy of these systems depends crucially on the quantity, quality 

and domain of the data. Making a sequence of word translation and reordering decisions perform 

translation. Word translation is often ambiguous, means it is common for the different possible 

translations of a word to have very different meanings. Often the correct choice will depend on 

context. Therefore, our system will need some mechanism to correctly reorder the words. Reordering 

is typically dependent on the systematic structure of the target language. As with word translation, 

reordering decisions often entail resolving some kind of ambiguity. English is a well known language 

so we illustrate Sanskrit grammar and its salient features. The English sentence always has an order of 

Subject-Verb-Object, while Sanskrit sentence has a free world order. A free order language is natural 

language which does not lead to any absurdity or ambiguity thereby maintaining a grammatical  and 

semantic meaning for every sentence obtained by the  change in the ordering of the words in the 

original sentence. For example, the order of English Sentence (ES) and itself  equivalent translation in 

Sanskrit Sentence (SS) is given as  below. 
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                ES:      Ram                 reads                book. 

                         (Subject)              (Verb)             (Object) 

 

                SS:              Raamah  pustkam  pathati. 

                         (Subject)           (Object)              (Verb) 

 

                          Pustkam  raamah              pathati. 

                          (Object)  (Subject)             (Verb) 

 

                           Pathati   pustkam  raamaha. 

                           (Verb)   (Object)  (Subject) 

 

Thus Sanskrit sentence can be written using SVO, SOV and VOS order. 

 

                          Level of Embeddedness 

                                                       

               High 

 

     

 

 

  

   Level of mobility                                                                                                                                                                     

 

      Low                                                                              High 

 

    

                                               Low 

  

Fig. 1: Types of Learning Environment [5] 

 

According to [5], Fig. 1 demonstrates the correlation of the important terms in a computer-

assisted learning context. Computer assisted learning is usually software or Web content 

accessible from a local workstation. The easier it is for the students to carry around this 

program and access it wherever they are, e.g. utilizing a PDA, the more it becomes a mobile 

learning application. The pervasive component is added if the application and the device are 

also able to measure and/or adjust to the environment of the students. A combination of 

pervasive and mobile learning is called ubiquitous learning and is defined by a high degree of 

embeddedness and mobility. Similarly, we define a ubiquitous translation system as a mobile 

translation system, which uses information about the current situation to refine or expand the 

translation, make suggestions for useful terms, sentences, names, etc. 

In order to transform this theory into a real application, a proper platform is needed: a device 

which offers portability, computational power, sensory capabilities, and ease of use. The 

modern cell phone meets all those prerequisites and is, beyond that, already widespread. As 

Mark Weiser puts it:  

Pervasive Learning Ubiquitous Learning 

Desktop-Computer 

Assisted Learning 

Mobile Learning 
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 “The most profound technologies are those that disappear. They weave themselves into the 

fabric of everyday life until they are indistinguishable from it.” [11]  

II. LIKE WORK HISTORY 

To build a functioning SMT system, there are four problems that we must solve  

    1) Translational Equivalence model or models: Transformation of source sentence into a 

target sentence have series of steps. These series of steps are called a translation equivalence 

model or simply a model.  

    2) Parameterization: To resolve some ambiguity we want to enable our model to make 

good choices when faced with a decision. Parameterization of a model will enable us to 

assign a score to every possible source and target sentence pair that our model might 

consider.  

     3) Parameter estimation: The parameterization defines a set of statistics called parameters 

used to score the model, but we need to associate values of these parameters. This is called 

parameter estimation.  
4) Decoding: With the sentence presented, we must search highest-scoring translation according 

to our model. This is called decoding. 

There is a variety of Web-based translation services and language learning applications available, e.g. 

[2, 4, 8]. The translation services adopt techniques from machine translation, which has ever since 

included many different approaches. An overview of those can be obtained from [6].  Based on [4, 17, 

7] we have found that our method, being example and corpus-based, is well suited for a language 

learning application, since it contains intermediate information in the translation processes, which can 

be valuable for a language student.    The ubiquitous property of mobile devices has been successfully 

used to offer contextual learning environments in the past [13, 3, 10]. One of the implementations is a 

system by [12], where the learners could utilize PDAs to find the right politeness form while 

formulating a Japanese sentence in a certain situation. The application of ubiquitous learning demands 

several characteristics to be fulfilled [9]:  

• Permanency: Learners never lose their work unless it is purposefully deleted. In addition, 

the entire learning process is recorded continuously.  

• Accessibility: Learners have access to their documents, data, or videos from anywhere. 

That information is provided based on their requests. Therefore, the learning involved is self-

directed. 

• Immediacy: Wherever learners are, they can get any information immediately. Thus, 

learners can solve problems quickly. Otherwise, the learner can record the question and look 

for the answer later.  

• Interactivity: Learners can interact with experts, teachers, or peers in the form of 

synchronous or asynchronous communication. Hence, the experts are more reachable and the 

knowledge becomes more available.  

 • Situation of instructional activities: The learning could be embedded in our daily life. The 

problems encountered as well as the knowledge required are all presented in their natural and 

authentic forms. This helps learners to notice the features of problem situations that make particular 

actions relevant.  

An example of the application of those guidelines can be seen in [1]. The idea behind it is to give the 

students the chance to efficiently use their time and the ability to access class room information at 

will. In [14] a ubiquitous learning environment was developed by using IEEE 802.11 WLAN and 

Bluetooth for network communication. This showed that a learning experience, supported by a 

contextually matching surrounding, is more valuable in terms of understanding and memorizing since 
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it is based on an inductive process. However, the limits of the network technologies do not allow a 

deployment of that system into a large network structure. 

III. SYSTEM FRAMEWORK 

The framework is designed as a client-server setup. The client is the development board, in our case 

the Android Emulator. The LAMP (Linux-Apache-MySQL-PHP) server is situated at the Bhartee 

Vidyapeeth College of Engineering, Pune.  The hardware specifications of both are listed in Table 1. 

Table 1 : Hardware Configuration 

 Server 

 

Client 

 - 

CPU 

4x Intel(R) Xeon(R) 

CPU E5405 @ 

2.00GHz 

Android Emulator 

RAM 4057MB 64 MB  

OS Ubuntu 9.10 Android 

Sec. Mem. 1.7 TB 1 GB 

                                  

The operating system on the development board is Android, the open-source, running on a 

Linux kernel, designed for smart phones and Internet tablets. Android is a software stack for 

mobile devices that includes an operating system, middleware and key applications. It is 

developed by the Open Handset Alliance™ , led by Google, and other companies. The Open 

Handset Alliance™ is a group of mobile operators, hardware manufacturers, semiconductor 

companies, software companies and commercialization companies. For development we have 

used Eclipse, a editor, emulator and cross-compilation toolkit, in combination with Java. In 

contrast to distributions for  desktop computers, Android has touch screen support, sliding 

keyboard support, an interface to  the Camera, GPS, compass, and accelerometer, while 

discarding some typical desktop distribution functionalities.  Even though the hardware on 

the client side is quite powerful for a cell phone, it is not enough to perform all the calculations 

needed for our framework in a reasonable amount of time.  Hence, we need to outsource as many 

calculations as possible to the server, where they can be processed much quicker.  We have considered 

the fact that a cellular phone is not always guaranteed to have a decent network connection. Spots  

without a carrier signal, such as tunnels, elevators, etc. have to be taken into consideration. Therefore, 

the communication between the server and the client is done over asynchronous calls, to guarantee a 

service even in the case of an interruption of the network connection. Additionally, a database on the 

mobile device is kept to store user input, such as vocabulary lists or program preferences, and enable 

system use while the network and/or the server is not available. Outdated entries from this database 

are purged periodically, due to limited storage capabilities on the cell phone. Fig. 2. The translation 

module presents the contents graphically and provides input fields.     The language learning 

module offers a graphical learning program with various functionality. Data from the 

knowledge base on the server are used to construct a customized learning support, in terms of 

word/sentence suggestions and difficulty level. Both inter faces store essential data on the 

device. The language learning module accesses the personal database on the phone, which holds the 

necessary information to operate the framework without a network connection, though with limited 

capabilities.  
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Fig. 2: System Architecture 

 

 
This personal database is synchronized with the user-specific database on the server, whenever 

possible. The user-specific database, stores the user’s history, such as previous query sentences. 

Words, compounds, and sentences stored in this database are assumed to be of interest to the student 

and are preferred in lecture suggestions. 

IV. SHOWCASE 

As a translation basis we take the output of the statistical machine translation system Moses [4]. The 

overview of the data flow in the system is shown in Fig. 3.  An input sentence is sent to the part-of-

speech (PoS) tagger for English and Sanskrit as translation model. After each sentence token is 

assigned a PoS-tag, the sentence and its tags are compared with sentences from a preformatted corpus. 

For this purpose, we have modified and enriched  a bilingual data collection consisting of 1500 

sentences, taken from Sanskrit learning books. 

We have removed as much noise as possible from the data, assigned PoS-tags to each sentence token 

and stored the information in an SQL database. We have created different formats of the bilingual 

data, one with a complete set of PoS information and others with reduced and optimized tag sets to 

provide quick access and efficient processing. Additional representations and tag sets can be added 

easily to satisfy different needs in future work. We have applied relational sequence alignment [16] to 

obtain clusters of structurally similar sentences, so that the comparison of the query sentence with the 

clusters yields several similar structures. At the same time, the query sentence is processed with 

Moses to obtain a preliminary translation. This translation is then used to fill the template of the 

structures, which had been found to be similar in terms of PoS-tags. This way, a certain number of 

translation candidates is produced. The parameters of the similarity measure can be adjusted to fine-

tune the result, depending on the text type and text domain. Allowing low threshold values for 

similarity, a higher number of candidates can be produced, whereas a higher threshold value reduces 

the number of candidates.  

Client 

Server 

Translation Model 

 
Language Model 

 

Decoder 

Parallel 

Corpus 

User 

Database 

Android 

emulator 
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Fig. 3: Data Flow of System. 

 
The Translation Task from the Starting View initiates work flow as shown in Fig. 4. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig. 4: Work Flow of Translation Task 

 

Upon initiating the task, a connection to the server is attempted. In the first view, the user has the 

choice of the input language. An input box takes the query sentence and sends it to the decoder 

module, which is located at the server. In the next view, the translation result is displayed and the 

query sentence is stored on the server for later use by the didactic module. Additionally, the user has 

the choice of viewing further language details. At the time of writing, we display various PoS-tag 
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information. In the future we plan to integrate a more detailed linguistic analysis, e.g. dependency 

trees produced by CaboCha [18]. 

V. CONCLUSIONS 

In this paper we have described the design and a design of a ubiquitous translation and language 

learning framework, in particular for English to Sanskrit, on the android emulator, a growing cellular 

phone operating system with internet capabilities. We have presented our implementation of a 

translation and language learning environment built as a client-server system, which consists of a 

translation and a language learning task. For the language learning task we have built a learning 

application. For the translation task we used statistical machine decoder, a translation framework. By 

integrating SMT decoder into this research work, we have shown how a client/server configuration 

can be realized to offer the entire translation service on the mobile device. In future work, we want to 

focus on audio input, GPS localization, and user query statistics to create a detailed user profile. This 

will facilitate a specific fine-tuning of the learning environment, considering guidelines for computer 

enhanced learning such as the cognitive load theory, and the GUI design. As mentioned before, the 

already implemented learning environment is available on the Web to receive feedback from the 

Android community.  In addition, we will make our framework available to students at our Language 

Department, once it is in a workable state. We will evaluate the framework with a sufficient number of 

users and a control group along the dimensions engagement,  effectiveness, and viability [15], as well 

as analyze the  usability on other prevalent mobile platforms, such as  iPhone, Maemo5’s successor 

MeeGo, etc. 
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ABSTRACT 

This paper presents, the multi-resolution watermarking method using dual tree complex wavelet transform (DT-

CWT) for digital images. The multiscale DT-CWT coefficients of low and high frequency bands of the 

watermark is embedded to the most significant coefficients at low and high frequency bands of the DT-CWT of 

an host image, respectively. A multi-resolution nature of multiscale DT-CWT is exploiting in the process of edge 

detection. Experimental results of the proposed watermarking method are compared with the previously 

available watermarking algorithm wavelet transform. Moreover, the proposed watermarking method also tested 

on images attached by Discrete Cosine Transform (DCT) and wavelet based lossy image compression 

techniques. 

KEYWORDS: Digital Watermarking; dual tree complex wavelet transform (DT-CWT); Security. 

I. INTRODUCTION 

The advent of the Internet has resulted in many new opportunities for the creation and delivery of 

content in digital form. Applications include electronic advertising, real-time video and audio delivery, 

digital repositories and libraries, and Web publishing. An important issue that arises in these 

applications is the protection of the rights of all participants. It has been recognized for quite some time 

that current copyright laws are inadequate for dealing with digital data. This has led to an interest 

towards developing new copy deterrence and protection mechanisms. One such effort that has been 

increasing the interest is based on digital watermarking techniques. Digital watermarking is the process 

of embedding information into digital multimedia content such that the information (which we call the 

watermark) can later be extracted or detected for a variety of purposes including copy prevention and 

control. Digital watermarking has become an active and important area of research, and development 

and commercialization of watermarking techniques is being deemed essential to help address some of 

the challenges faced by the rapid proliferation of digital content. 

Watermarking techniques can be classified into various categories in various ways. It can be 

categorized according to either working domain or type of document or human perception or according 

to applications. Among these, categorizations by working domain and human perception have attracted 

main interest of the research community. The complete classification of watermarking techniques is 

shown in the Fig. 1. Among spatial and frequency domain techniques, spatial domain techniques are 

less complex but not robust against various attacks. Frequency domain techniques are robust as 

compared to spatial domain techniques. This is due to the fact that when image is inverse transformed, 

watermark is distributed irregularly over the image, making the attacker difficult to read or modify. In 

visible watermarking, the embedded watermark appears visible to the viewers on a careful inspection. 

In invisible-robust watermarking, watermark is embedded in such a way that it cannot be perceptually 

noticed and it can be recovered only with appropriate decoding/extracting mechanism. 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

483 Vol. 4, Issue 2, pp. 482-492  
 

In invisible-fragile watermarking, watermark is embedded in such a way that any small or big 

manipulation or modification of the image would destroy the watermark. If watermark 

detection/extraction process requires original or reference image then it is called an invisible robust 

private watermarking otherwise it is called invisible robust public watermarking. The invisible robust 

watermarking schemes that can be attacked by creating a counterfeit original image are called 

invertible watermarking schemes. If a unique watermark identifies the owner from all the distributed 

copies of media then technique is called source based watermarking technique and is desirable for 

ownership identification or authentication. On the other hand, if each distributed copy has a unique 

watermark identifying the particular buyer then technique is called destination based watermarking 

technique. Generally, it is used to trace the buyer in the case of illegal reselling. 

 
Fig. 1: Classification of Watermarking Techniques 

 

Hwang et al. (1999) [1] have presented a watermarking scheme employed in spatial domain using 

hash functions. Djurovic et al. (2001) [2] have proposed fractional Fourier transform based 

watermarking scheme for the multimedia copyright protection. After decomposing image via FRFT, 

transformation coefficients are reordering in non-increasing sequence and the watermark is embedded 

in the middle coefficients. Ching et al. (2001) [3] have proposed a watermarking algorithm that is 

robust to RST distortions. The watermark is embedded into a one-dimensional (1-D) signal obtained 

by taking the Fourier transform of the image, resampling the Fourier magnitudes into log-polar 

coordinates, and then summing a function of those magnitudes along the log-radius axis. Barni et al. 

(2001) [4] proposed a watermarking algorithm operating in the wavelet domain. Performance 

improvement with respect to existing algorithms is obtained by means of a new approach to mask the 

watermark according to the characteristics of the human visual system (HVS). Manuel et al. (2002) 

[5] have proposed an analytical approach to pilot-based synchronization algorithms for data hiding in 

still images. A representative algorithm belonging to the family of those exploiting a regular structure 

in the spreading sequence is chosen for study. Zhang et al. (2003) [6] proposed an image 

watermarking scheme is developed using the tree-based spatial-frequency feature of wavelet 

transform. Adnan et al. (2003) [7] proposed the MPEG-4 compressed domain video watermarking 

method is proposed and its performance is studied at video bit rates ranging from 128 to 768 kb/s. The 

spatial spread-spectrum watermark is embedded directly to compressed MPEG-4 bit streams by 

modifying DCT coefficients. Wong et al. (2003) [8] proposed three blind watermarking techniques to 

embed watermarks into digital images for different purposes. The watermarks are designed to be 

decoded or detected without the original images. Wang et al. (2004) [9] proposed a wavelet-tree-based 
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blind watermarking scheme for copyright protection. The wavelet coefficients of the host image are 

grouped into so-called super trees. The watermark is embedded by quantizing super trees. Feng et 

al.(2005) [10] have proposed a blind digital image watermarking algorithm using Fractional Fourier 

Transform (FRFT) and the energy distribution of two-dimensional signal at different FRFT domain is 

discussed. In this technique, multiple chirps are used as watermark which is embedded in the spatial 

domain directly, and detected in the FRFT domain. Yu et al. (2006) [11] proposed a digital 

watermarking embedding and detecting algorithm for image is presented, which uses the chirp signal 

as a watermark and embeds in the Fractional Fourier Transform (FRFT) domain of the image, and the 

watermark position and the transform order are used as the encryption keys. With the help of the 

property of the impulse characteristic in the FRFT domain for chirp signal, the watermark can be 

detected conveniently. Yuxin et al. (2006) [12] have proposed invisible watermarking scheme for 

digital images, where the watermark is embedded using the block based lapped orthogonal transform 

(LOT). The embedding process follows a spread spectrum watermarking approach. Prayoth et al. 

(2007) [13] have attempt to develop image watermarking algorithms which are portable to a variety of 

applications such as copyright protection, fingerprinting and identification. Zheng et al. (2010) [14] 

Proposed the watermarking system in multi-wavelet domain. And also, a multi-wavelet transform 

based JND digital watermarking algorithm. By calculating the texture measures of the multi-wavelet 

coefficients in the low frequency, the JND calculation model has been improved. Xuehua (2010) 

proposed the digital watermarking and its application in image copyright protection [15]. Xinge et al. 

(2010) [16] proposed an effective method for copyright protection of digital products against illegal 

usage, watermarking in wavelet domain has recently received considerable attention due to the 

desirable multi resolution property of wavelet transform. In general, images can be represented with 

different resolutions by the wavelet decomposition, analogous to the human visual system (HVS). 

Tetsuya et al. (2011) have proposed the blind watermarking algorithm which does not need to refer 

any original data in the watermark extraction process. They also discuss the analogy between the 

proposed watermarking scheme and CT-CDMA communication systems based on complete 

complementary codes [17]. Barni et al. (1998) [18] proposed as a solution to the problem of copyright 

protection of multimedia data in a networked environment. Kokare et al. [19] used the decomposition 

scheme based on rotated complex wavelets, which yields improved retrieval performance.Spatial 

domain methods are less complex and not robust against various attacks as no transform is used in 

them. The basic idea behind spatial domain methods is the modification of pixel intensities while 

embedding watermark. Transform domain methods are robust as compared to spatial domain 

methods. This is due to the fact that when image is inverse transformed, watermark is distributed 

irregularly over the image, making the attacker difficult to read or modify [15].The basic idea behind 

transform domain methods is to transform the media by the means of Fourier Transform(FT), Discrete 

Cosine Transform(DCT) [18], Fractional Fourier Transform [2,10,11],Wavelet Transform [4,6,7,9] 

etc. Then, the transform domain coefficients are altered to embed the watermark and finally inverse 

transform is applied to obtain the watermarked digital media.The organization of the paper as follows: 

In section I, a brief review of Digital Watermarking and related work is given. Section II, presents a 

concise review of Complex Wavelet Transform. Section III, presents the watermarking schemes. 

Experimental results and discussions are given in section IV. Based on above work conclusions are 

derived in section V. 

II. COMPLEX WAVELET TRANSFORM 

Real DWT has poor directional selectivity as shown in Fig. 2 and Fig. 3 and it lacks shift invariance. 

It is found that both the above problems can be solved effectively by the complex wavelet transform 

(CWT) [19] by introducing limited redundancy into the transform. In CWT, filters have complex 

coefficients and generate complex output samples. However, a further problem arises here because 

perfect reconstruction becomes difficult to achieve for complex wavelet decomposition beyond level 

1, when the input to each level becomes complex. To overcome this, Kingsbury [19_20] have recently 

developed the DT-CWT, which allows perfect reconstruction while still providing the other 

advantages of complex wavelets. 
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Fig. 2: Impulse response of real wavelet filters. 
 

 
Fig. 3: Frequency-domain partition in real discrete wavelet transforms resulting from two levels decomposition. 

2.1 DT-CWT 

The 1-D DT-CWT decomposes a signal ( )f t in terms of a complex shift and dilated mother wavelet 

( )tψ and scaling function ( )tφ  

0 0

0

, , , ,( ) ( ) ( )j l j l j l j l

l Z j j l Z

f t s t c tφ ψ
∈ ≥ ∈
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Where 
0 ,j ls is scaling coefficient and 

,j l
c is complex wavelet coefficient with 

0j
φ and 
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ψ complex: 

0 , ,0 0j l j l
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j iφ φ φ= + , 
0 0 0, ,

r i

j j l j liψ ψ ψ= + . The
0 ,

r

j lψ and 
0 ,

i

j lψ  are themselves real wavelets: the complex wavelet 

transform is combination of two real wavelet transforms. Fig. 4 shows that the implementation of 1-D 

DT-CWT. 

 
 

Fig. 4: 1-D dual- tree complex wavelet transform 
 

 
Fig. 5: Impulse response of six wavelet filters of DT-CWT 

  

The 2-D DT-CWT can be implemented using separable wavelet transforms like 2-D wavelet 

transform. Impulse responses of six wavelets associated with 2-D complex wavelet transform is 

illustrated in Fig. 5. These six wavelet sub-bands of the 2-D DT-CWT are strongly oriented in 

{ }0 0 0 0 0 0
15 , 45 , 75 , 15 , 45 , 75+ + + − − −

 
direction and captures image information in that direction. Frequency 

domain partition of DT-CWT resulting from two level decomposition is shown in Fig. 6. 
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Fig. 6: Frequency domain partition in DT-CWT resulting from two level decomposition. 

 

Fig. 7: 2-D dual- tree complex wavelet transform 

III. WATERMARKING SCHEME 

3.1  Watermark Embedding 

In the embedding part shown in Fig. 4, the original image and the watermark are first decomposed 

using Multiscale DT-CWT. Then, the Multiscale DT-CWT coefficients ( )
DTC

W low , of the low-

resolution representation of the watermark W, are embedded in the largest Multiscale DT-CWT 

coefficients ( )
DTC

I low  of the low-resolution representation of the original image I, in the following 

way: 
' ( ) ( )(1 ( ))
DTC DTC DTC

I low I low W lowα= +      (2) 

Spectrum analysis of the images reveals that most of the information in image is located in this low-

resolution representation, which represents the smooth parts of the image. It is also known that human 

eyes are very sensitive to small changes in smooth part of the image. However, with the appropriate 

choice of the scaling parameter α, the invisibility of the watermark could be adjusted. Conversely, in 

case of possible attacks, the low-resolution representation of the watermark will still be preserved 

within the low-resolution representation of the image, which makes the watermark robust. 

Other coefficients of the watermark are embedded in the higher frequency components of the image, 

which represent the edges and textures of the image. Using above Eq. (2) either will produce 

watermarked image that is not robust to image operations that perform low pass filtering (for small 

values of α) or will create visible defects in the images (for larger values of α). So in order to increase 

the robustness of the watermark, following equation is used: 
' ( ) ( ) ( )DTC DTC DTCI high I high W highβ= +       (3) 

Since human eyes are not sensitive to small change in the edges and the textures of the image, 

invisibility of the watermark is kept. The watermarked image is obtained by applying inverse 
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Multiscale DT-CWT to the coefficients '

DTCI . The watermarked image may then be subject to any 

number of distortions due to intentional or unintentional image processing operations. 

3.2  Watermark Extraction 

In the decoding process shown in Fig. 4, DTC of the suspected image I  and of the original 

(unwatermarked) image is performed. Multiscale DT-CWT coefficients of the low-resolution 

representation of the extracted watermark are obtained as: 

1 ( )
( ) 1

( )

DTC
DTC

DTC

I high
W high

I highα

 
= − 

  
                (4) 

and wavelet coefficients in other frequency subbands as: 
1

( ) ( ) ( )DTCDTC DTC
W low I low I low

β
 = −       (5) 

With inverse Multiscale DT-CWT of DTCW  the extracted watermark W  is obtained. 

3.3  Similarity measurement 

The extracted watermarks can be compared with original watermark subjectively. Beside subjectively 

judgment for the watermark fidelity, we have defined an objective measure of similarity between the 

original watermark and the extracted watermark in the following way: 

2

( , ) ( , )

[ ( , )]

i j

i j

W i j W i j
SIM

W i j
=
∑ ∑
∑ ∑

       (6) 

For instance, applying any image processing operation to the watermarked image that performs 

lowpass filtering (compression, resizing), will result in loss of multiscale DT-CWT coefficients in 

higher frequency bands of the watermark. In this case, multiscale DT-CWT coefficients in lower 

frequency subbands to be used to determine whether suspected image contains watermarks. 

IV. EXPERIMENTAL RESULTS AND DISCUSSIONS 

For evaluation of the proposed method, the image Lena of size 256x256 is used as test image (Fig. 9 

(top left)), and image pattern of size 256x256 (Fig. 9 (top right)) is used as watermark. A two level 

multiscale DT-CWTs of the test image Lena and one level multiscale DT-CWT of the watermark is 

obtained. Choice of α = 0.045 and β = 0.06 seems to give the best results in sense of robustness versus 

visibility. Watermarked Lena images obtained with proposed watermarking method is shown in Fig. 

9(b). It can be seen that there is almost invisible difference between the watermarked and the original 

image, thus proving that the requirement of watermark invisibility is satisfied. In following, some 

geometric manipulations and compressions are applied to the watermarked image in order to test 

algorithm robustness. 

The wavelet transform based watermarking also implemented to compare the performance of the 

proposed method with the wavelet transform based watermarking. Fig. 10 (bottom right) extracted 

watermark using wavelet transform based algorithm. From Fig. 9 and 10, it is clear that the proposed 

method is showing better performance for watermark extraction.  

 



International Journal of Advances in Engineering & Technology, Sept 2012. 

©IJAET                                                                                                          ISSN: 2231-1963 

488 Vol. 4, Issue 2, pp. 482-492  
 

 
Fig. 8: Proposed watermarking algorithm 

4.1 Robustness to DCT and DWT based compression 

Image compression can be considered as the most common signal processing operation performed on 

images. Resistance to this operation is good test for watermarking robustness. Since, DCT [21, 22] is 

base of current international standard for still image compression, JPEG, and since DWT [22] is 

expected to be base of up-coming image compression standard JPEG2000, resistance to DCT and 

DWT based compression schemes are investigated in this experiment. The MATLAB code is 

implemented by us is used for this purpose. The different compression ratios are chosen for this 

purpose. Extracted watermarks are shown in Fig. 11, suggesting that the proposed watermarking 

method is robust to lossy compression. Increasing the compression ratio leads to visible distortion of 

the image and digital watermarking becomes less meaningful. Even then, watermark could be 

detected with the proposed watermarking algorithm, if subjective and objective measurements are 

applied to low-resolution representation of the extracted watermark. 

4.2 Robustness to resizing 

In this experiment image is reduced to 50% of its original size. For this purpose MATLAB function 

“imresize” is used. In this process fine detail are lost since subsampling of the image requires a 

lowpass spatial filtering operation. In order to recover the watermark, reduced image using the same 

function is rescaled back to the same size of the original image. Fig. 12 shows the extracted 

watermark. 
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Fig. 9: Watermarking results of the proposed method (left top) test Lena image, (bottom left) the watermarked 

image, (right top) the watermark, (bottom right) extracted watermark (SIM = 0.981). 

 

 
 

Fig. 10: Watermarking results of the wavelet transform method (left top) The test Lena image, (bottom left) the 

watermarked image, (right top) the watermark, (bottom right) extracted watermark (SIM = 0.912). 
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Fig. 11: Extracted watermarks of DCT compressed version of the watermarked image shown in Fig. 4 (left 

bottom): (a) with compression ratio 8:1, (b) with compression ratio 11.38:1 using proposed method and (c) and 

(d) using wavelet transform method. 
 

 
 

Fig. 12: Extracted watermark of rescaled watermarked image shown in Fig. 4(bottom left) where 50% reduction 

and enlargement is done. 

V. CONCLUSIONS 

In this paper, a watermarking method was presented using Multiscale DT-CWT. Experimental results 

demonstrated that the watermarked image based on proposed method is best compared to wavelet 

transform method. Moreover, proposed watermarking method is robust to DCT and DWT based lossy 

image compression schemes, and geometric manipulations like image resizing. 
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ABSTRACT 

Antenna is an important component of communication systems. Microstrip antenna find use in a number of 

application due to its features such as light weight, small size, easy to mass produce etc. But a very serious 

limitation of microstrip is its low bandwidth typically in the range of 1-2%. This paper investigates 

experimentally an alternative approach in the bandwidth enhancement of microstrip antenna. The antenna is 

designed to operate at a resonant frequency of 1.5 GHz with glass epoxy used as dielectric material. The return 

loss and radiation characteristics of the proposed microstrip antenna are compared with the reference antenna 

radiation characteristics, which is a conventional circular patch antenna. The configuration used for enhancing 

the bandwidth of microstrip antenna is Identical Dual Patch with Air gap. In this configuration bandwidth 

enhancement is achieved by vertically stacking an identical circular shaped parasitic element. The spacing 

between the driven patch and the parasitic element ‘h’ is optimized to maximize electromagnetic coupling 

between the two, which results in enhancement of the bandwidth. 

KEYWORDS: Parasitic element,  IDMA, Bandwidth enhancement   

I. INTRODUCTION 

The bandwidth of a microstrip antenna [3], [4], [5] can be enhanced by modifying the shape of the 

patch, by implementing multiresonator configuration, or by using multilayer configuration [6]. The 

same can also be achieved by using stacked mutiresonator method or by using impedance matching 

networks [7]. Bandwidth enhancement for Patch Antenna Using Stacked Patch and Slot has been 

reported recently [9]. 

This paper investigates a technique which can enhance the bandwidth of the microstrip antenna 

without increasing the lateral size and the structural complexity of the microstrip antenna too much. 

The Identical Dual Patch Microstrip Antenna with Air-Gap (IDMA) [1], [2] as shown in fig. 1 takes 

the advantage of using the air gap to lower the effective permittivity and increase the total thickness of 

the microstrip antenna which is essential for bandwidth enhancement [8,11]. 

 

Figure 1. Structure of the IDMA configuration 
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Section I discuss the introduction to bandwidth enhancement of microstrip antenna and IDMA 

configuration. In section II of the paper, the methods used for analysing and designing of the antenna 

using IDMA configuration are discussed. Section III discusses the simulation results and the 

experimentally obtained results of the reference antenna. The IV section explains the IDMA 

configuration and discusses the simulation and experimental results for the same.    

II. METHODOLOGY 

We begin the design process of Identical Dual Patch Microstrip Antenna by designing a reference 

antenna based on the cavity model approach and using IE3D software for the simulation. Considering 

the result of the reference antenna as basis we try to increase the bandwidth of the antenna using 

IDMA configuration. Finally we compare the results obtained for the IDMA configuration with the 

results of the reference antenna. We use the cavity model approach for the analysis.  

2.1. The Cavity Model 

In the cavity model approach [8], the region between the patch and the ground plane is treated as a 

cavity that is surrounded by magnetic walls around the periphery and by electric walls from top and 

bottom. The field under the patch is expressed as a summation of the various resonant modes of two 

dimensional resonators. The fringing effect is compensated by extending the patch boundary outward, 

so that, the effective dimensions are larger than the physical dimension of the patch. As per the cavity 

model approach the radius ‘a’ of the circular patch is given by equation (1). 
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1dh
= Height of lower dielectric substrate plate 

ah
 = Height of air gap 

2dh
= Height of upper dielectric substrate plate 

ε1     = Dielectric constant of upper dielectric plate 

ε2     = Dielectric constant of air gap 

ε3     = Dielectric constant of lower dielectric plate 

εav    = Average dielectric constant 

th
   = Total height of antenna 

rf    = Resonant frequency 

a      = Radius of circular patch 

Substituting ε2=1, ε3=ε1=4.2, fr=1.5 GHz, h1=1.6 mm, ha=2 cm, h3=1.6 mm in equation (1), (2), (3) 

and (4), we get the radius a=28.2 mm for the reference antenna and a=24.7 mm for the radiating patch 

of IDMA configuration. 
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III. REFERENCE ANTENNA AND RESULTS 

The simulation results of reference antenna are shown in the fig. 3, fig. 4, fig. 5 and fig. 8, and based 

on these results, we find that the return loss is minimum when the feed point coordinates are (x = 0, y 

= -11.5) and the value of the return loss is -26.07dB as shown in fig. 3. The fig. 2 shows the prototype 

of the reference antenna, designed with feedpoints at the above mentioned coordinates. 

The VSWR graph is shown in fig. 4. The value of VSWR is 1.1047. The smith chart, current 

distribution and radiation pattern of the reference antenna are shown in fig. 5, fig. 6 and fig. 7 

respectively. 

 

Figure 2. Reference antenna 

 

Figure 3. Return loss graph for reference antenna 

 

Figure 4. VSWR graph for reference antenna 
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Figure 5. Smith chart for reference antenna 

 

Figure 6. Current distribution for reference antenna 

 

Figure 7. Radition pattern for reference antenna 

The reference antenna is tested using spectrum analyzer. The return loss values obtained by testing the 
reference antenna are shown in the fig. 8. 
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Figure 8. Graph for practical value of return loss  

The bandwidth of the reference antenna is calculated as follows: 

                                                 Bandwidth   =  
12 ff −                                   (5) 

                                                                  = 1.518-1.476 GHz  

                                                                  = 42 MHz 

                                                
2

21 ff
f avg

+
=  = 1.497 GHz                    (6) 

                                        Bandwidth %  = 10012
×

−

avgf

ff
 = 2.8%             (7) 

Here f1 and f2 are the lower and the upper cut off frequencies and can be obtained from the return loss 

graph, and  favg  is the average value of  f1 and  f2 . 

IV. IDMA CONFIGURATION AND RESULTS  

The radiation bandwidth of a microstrip antenna can be enhanced by using aperture stacking [12]. In 

the IDMA configuration a parasitic element of identical shape is vertically stacked on the driven 

patch. In this design, height of dielectric plate is taken 1.6 mm and the height of air gap is optimized 

to 20 mm by performing a number of simulations with different heights of the air gap. The radius 

calculated using equation 1 is ‘a’ = 24.7mm. This configuration is simulated using IE3D software at 

the resonant frequency of 1.7 GHz. We find that the minimum return loss is obtained at this frequency 

at feedpoints x = 14.245mm, y = 0.175mm. As shown in the fig. 10, at resonant frequency of 

1.71GHz the return loss is equal to -22.5dB and the value of VSWR is shown in fig. 11. 

 

Figure 9. IDMA configuration 
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Figure 10. Return loss curve for IDMA config. 

 

Figure 11. VSWR graph for IDMA config. 

The smith chart, current distribution & radiation pattern for the IDMA configuration are shown in the 
fig. 12, fig. 13 & fig. 14 respectively. 

 

Figure 12. Smith chart for IDMA config. 
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   Figure 13. Current distribution for IDMA config. 

    

Figure 14. Radiation pattern of IDMA config. 

The return loss graph for the IDMA configuration is shown in fig. 15. 

 

Figure 15. Practical value of return loss for IDMA configuration. 
 

The bandwidth of IDMA configuration is calculated as follows:- 

                                               Bandwidth = 
12 ff −                                 (8)

               
 

                                                                  = 1.764-1.674 GHz 

                                                                  = 90 MHz 
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                                                 2

21 ff
f avg

+
=  = 1.719 GHz                 (9) 

                                         Bandwidth % = 10012
×

−

avgf

ff
 = 5.2 %        (10) 

Table 1 shows the comparison between the simulated and measured results of the reference microstrip 

antenna and identical dual patch microstrip antenna. 
 

Table 1. Comparison between reference antenna & IDMA configuration. 

Parameters             Single –layer    

      Microstrip antenna 

 Simulated    measured 

                IDMA 

 

simulated   measured 

Operating frequency 

(GHz) 

1.5 GHz 1.5 GHz 1.71 GHz 1.71GHz 

Radius ‘a’(mm) 28.2 mm 28.2 mm 24.7 mm 24.7 mm 

Bandwidth (MHz) 

 

30 MHz 42 MHz 61 MHz 90 MHz 

Return loss (dB) -26.07  -45.1  -21.82  -32.6 

        
The return loss of the reference antenna, which is a single layer microstrip antenna is -45.1dB at a 

resonant frequency of 1.5GHz & with a bandwidth of 42 MHz. On the other hand the return loss of 

the IDMA configuration is -32.6dB at a resonant frequency of 1.71 GHz & with a bandwidth of 

90MHz. Hence by using IDMA configuration the bandwidth of the antenna is enhanced, but at a 

higher resonant frequency & with a reduced return loss. 

V. CONCLUSIONS AND FUTURE PROSPECTS  

The experimental results obtained for the reference antenna show that the value of return loss is -45.1 

dB with a bandwidth of 42 MHz at a resonant frequency of 1.5 GHz whereas the experimental results 

for the IDMA configuration show that return loss is -32.6 dB with a bandwidth of 90MHz at a 

resonant frequency of 1.71 GHz. The results show that the circular antenna designed using IDMA 

technique becomes broadband at 1.71 GHz. This technique has its advantages such as it does not 

increase the lateral size of the microstrip antenna and disadvantages such as it increases the height of 

the microstrip antenna and the resonant frequency changes from 1.5 GHz to 1.71 GHz. Therefore, 

trade of issues need to be considered in this design. 

As future prospects, the bandwidth can further be improved by using metamaterial substrate  in the 

IDMA configuration [10] or by replacing the circular patch on the upper layer by a patch of other 

shape and then optimizing the gap between the two layers. 
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ABSTRACT 

In Aircraft Cabin, Hands-Free Telephones and Teleconferencing Systems, Noise Cancellers are required, which 

are often implemented by adaptive filters. The correlation between input & noise will slow down the 

convergence rate of adaptive noise canceller. The new Robust RLS algorithm which proposed here gives the 

minimization of cost function subject to a time-dependent constraint on the norm of the filter update. We also 

present some theoretical results regarding the asymptotic behaviour of the various algorithms which gives 

comparative results for Noise cancellation. The New Robust Recursive Least Square Algorithm (RRLS 

Algorithm) offers a good solution to this problem because of its regular adaptation of regularization parameter. 

RRLS is an adaptive scheme in which regularization parameter is varying by using L1 Norm. The Performance 

of the proposed scheme will evaluate in the context of adaptive noise canceller. 

 

KEYWORDS: Noise canceller, Adaptive Algorithm: LMS, RLS, RRLS Algorithm, Regularizing parameter, 

forgetting factor, noisy system. 

I. INTRODUCTION 

A common problem encountered in aircraft cabin, hands-free telephones and teleconferencing 

systems is the presence of echoes which are generated acoustically via the impulse response of a room 

or cabin. Removal of these echoes requires the precise knowledge of the impulse response of the 

noisy path, which may be time varying. in recent years, there has been a great interest in the use of 

adaptive filters for cancellation of noise component which is overlap with unrelated signal in the same 

frequency range adaptive filter is that it uses the filter parameters of a moment ago to automatically 

adjust the filter parameters of the present moment, to adapt to the statistical properties that signal and 

noise unknown or random change, in order to achieve optimal filter [5]. 

Adaptive filter gives a good approach for noise cancelation by continuously updating its weight. In 

this way LMS algorithm gives good results with fast convergence speed [4], and letter on it is 

implemented with some variation in stepping factor [6] . the updating will followed using forgetting 

factor in RLS algorithm[7] where a trade off is required between convergence speed & Mean Square 

Error which can be overcome by using robust approach in which a system is updated regularly by 

varying its regularization parameter[8] & applied for system identification . In this paper the same 

approach is used for acoustic noise cancellation in which by updating regularization parameter by 

means of updated weights gives good results comparatively to all above mentioned algorithms.   

As shown in fig. 1, the main signal d(n) picked up by the main sensors contains useful signal s(n) and 

interference signal v(n). In order to remove noise from the main signal, make use of the reference 

sensors to pick up related noise and use for the input x (n) of adaptive filter. Because of s(n)and v'(n) 

are not relevant, adaptive filter can only adjust reference noise v'(n) to generate similar noise v(n) of 

y(n). Then y(n) to eliminate the noise component y(n)in the main signal, signal e(n) gradually 

converge to the noise-free signal s(n) of the approximate signal[3].  In place of these two sensors 

should be very careful so that the noise component v (n) and highly relevant, but not perceived 

reference sensor signals s (n). Then these two conflicting objectives, there are some compromise. For 
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example, an increase v (n) and relevance of the simple method is very close to the two sensors to put 

together. Unfortunately, this arrangement will increase to leak information in the signal of sensors. 

 

Signal source Main sensor  d(n)=s(n)+y(n) 

             +           e(n) 

 Noise source Reference  sensor         - 

      y(n) 

   X(n)=v’(n) 

 

 

Fig. 1: Adaptive noise canceller 

Adaptive noise elimination includes the elimination of all forms of   interference noise. The 

correlation between input & noise will slow down the convergence rate of adaptive noise canceller if 

the RLS-Based adaptive filter is used to remove noise. A New Robust RLS Adaptive-Filtering 

Algorithm yields an optimal solution of the weighted least squares optimization problem. The 

proposed algorithm is robust with respect to acoustic noise as well as long bursts of impulsive noise in 

the sense that it converges back to the steady state much faster than during the initial convergence. It 

also tracks sudden system disturbances by adaptively varying the regularization parameter. Simulation 

results show that the proposed algorithm achieves improved robustness and better tracking as 

compared to the conventional RLS or LMS reported in [7]. The Paper Is Organized As Follows. In 

Section II, The Proposed Robust RLS Algorithm Is Described. In section III computational 

complexity is calculated. Section IV contains simulation results and finally conclusions are drawn in 

section V. 
 

II. PROPOSED ROBUST RLS ALGORITHM FOR STATIONARY 

ENVIRONMENTS 

Weighted least-squares algorithms obtain the wk optimal coefficient vector at k iteration by solving the 

Optimization Problem  

2
m i n ( )

1

k T
i m i z e q d w xw i i ikk i

−∑
=      

 (1) 

Where di is the desired signal, xi  is the input signal vector, and qi is a nonnegative weight at iteration 

i. Each of vectors wk and xi  is of dimension  m. The solution of (1) is achieved by solving the normal 

equations which are obtained by setting the gradient of the objective function in (1) with respect  wk  

to zero. The input-signal autocorrelation matrix rk , and pk  cross correlation vector, at iteration k are 

given by 

1
T

R R x x
k f k k k k

λ δ= +
−

                                         (2)   

1
p p x d
k k k k kf

λ δ= +
−

                  (3)  

Where 
k

R  and 
k

p are of dimensions [M, M] and M Respectively, and 0<<
fλ <1. Parameter 

fλ Is a 

Pre specified fixed forgetting factor and 
k

δ  is a nonnegative scalar. The normal equations of (1) can 

be expressed in matrix form as 

k k k
R w p=          (4) 

Using The Matrix Inversion Lemma [1], [2] In (2), we obtain the update equation of the inverse of the 

autocorrelation matrix as 

1 1
( )

1 1 1

1

T
S S S x x S

k k k k k k
f Tf

x S x
k k k

k

λλ

δ

= −
− − −

+
−

        (5) 

Adaptive 

Filter 

∑ 
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Now Using (5) in (4), the update equation of the coefficient vector is obtained as 

 
1

1 1

1

w w S x ek k k k k
f T

x S xk k k

k

λ

δ

= +− −

+ −

       (6) 

Where 
1
T

e d w x
k k k k

= − −                          (7) 

Is the A Priori Error. In impulsive-noise environments, the norm of the Gain Vector, I.E., 

1
p p

k kf
λ−

−
 given by 

1 1
1

p p x d
k k k k kf

λ δ− =−                                          (8) 

 Undergoes a sudden increase when is corrupted by impulsive noise. As a result, the 1L norm of
k

p  is 

also increased which would, in turn, increase the 1L norm of
k

w  in (4). The effect of impulsive noise 

on (3) caused by 
k

d  can be suppressed by imposing a time-varying upper bound 
k

γ  on the 1L norm 

of the gain vector in (8). In other words, we choose 
k

δ  such that the update of the cross correlation 

vector in (3) satisfies the condition 

1
1

p p
k k kf

λ γ− ≤−                   (9) 

Parameter is chosen as 

d
k

k e
k

γ =          (10) 

For all k on the basis of extensive simulations. The condition in (9) is satisfied if is chosen as 

1

1

k
x e
k k

δ =                       (11) 

As can be seen, 
k

δ  can be greater than unity which would affect the convergence performance of the 

adaptive filter. To circumvent this problem, we use 

1

1
min(1, )

k

k k
x e

δ =            (12) 

With 
k

δ =1, the update equations in (5) and (6) become identical with those of the conventional RLS 

adaptation algorithm. The value of given by (12) will also bound the norm of the Gain Matrix, I.E.,

1k k
R Rλ −−  Given By 

min( 1, )1 1 1

xT k
R R x x x xk k k k k k k

ek

λ δ
∞

− = = ∞−       (13) 

For a noise corrupted, the norm of the gain matrix would be significantly reduced. Since  the 

probability that 
k

δ =1 during the transient state is high and the convergence of the RLS algorithm is 

fast, the initial convergence of the proposed robust RLS algorithm would also be fast. In addition, the 

proposed robust RLS algorithm would work 
k

δ =1 with during steady state as the amplitude of the 

error signal,
k

e  becomes quite low during steady state. Consequently, the steady-state misalignment of 

the proposed robust RLS algorithm would be similar to those of conventional RLS adaptation 

algorithms. However, when an impulsive noise-corrupted ek occurs we obtain  
1

1

d e and kk k
x ek k

δ≈ =  

which would force the 1L  norm of the gain vector in (8) and the norm of the Gain Matrix in (To Be 

bounded by 1
k

γ ≈  and, /
k k

x e∞ respectively. As a result, the norm of the coefficient vector in (4) 

would also remain bounded as discussed below. 
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The 1L  norm of the differential-coefficient vector 
k

w  of the Conventional RLS Algorithm given by  

1w w w
k k k

∆ = − −           (14) 

Is obtained as 

11 1
1

m i n ( 1 , )

1
1

1

1
1 1

1 1
1

11 1

k f

x x x x
k k k k M

k
x e

k k
i f

k
e S x

k k k
w
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x S x

k k k
e l s e

S x
k k

w
k T

x x S x
k k k k

e n d

λ λ

δ

δ

λ

λ

=

= + −
− −

=

=

−
∆ =

+
−

−
∆ =

+
−

                 (15) 

By Using (6) In (14) With 
k

δ =1. As can be seen, the 1L norm of the differential-coefficient vector in 

the Conventional RLS Algorithm Increases Abruptly for an impulsive noise corrupted. Similarly, the 

1L norm of the differential-coefficient vector in the proposed robust RLS algorithm for the case of an 

impulsive noise corrupted error signal, 
k

e  , is obtained by using (11) and 

(6) In (14) as 

1 1

1
11 1

S xk k
wk T

x x S xk k k kλ

−
∆ =

+ −

          (16) 

As can be seen, the  1L  norm given by (16) would be much less than that in (15) since 
k

e  cannot 

perturb 1k
S − . Although 

k
δ  would become less than one in such a situation, its effect is significantly 

reduced by 
1k

x   in (16). It should also be noted that the duration of  
k

e  would have no effect on 

(16). In other words, the proposed robust RLS algorithm will exhibit robust performance with respect 

to a long burst of impulsive noise using the well known vector-norm inequality 

1

1 2 1
w w w

k k k
M

∆ ≤ ∆ ≤ ∆           (17) 

And (16), we note that the 2L  norm of the differential-coefficient vector would also remain bounded 

and hence the  2L  norm of 
k

w   in the proposed RLS algorithm would also be robust with respect to 

the amplitude and duration of the impulsive-noise corrupted
k

e . 

III. COMPUTATIONAL COMPLEXITY 

For stationary environments, the proposed algorithm entails 3M
2
+4M+5 multiplications and   

M
2
+2M+2 additions per iteration where is the dimension of the coefficient vector. On the other hand, 

the conventional RLS algorithm requires 3M
2
+4M+2 multiplications and 2M

2
+2M additions. 

Evidently, for values of in excess of 5, the computational complexity of the proposed robust RLS 

algorithm is similar to that of the RLS algorithms. 
 

ROBUST RLS ALGORITHM 
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Table 1:  Implementation of Proposed Robust RLS Algorithm for Stationary Environment 
1
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%

%

1
(1, )

1
x e

k k  

IV. SIMULATION RESULTS 

The proposed robust RLS (PRRLS) algorithm is compared with the conventional RLS algorithm and 

the conventional LMS algorithm [4] in terms of robustness and noise cancellation application in 

stationary environments. Here input is a cosine wave in which random noise is added previously and 

then it will pass through adaptive filters where weights are updated as per algorithms. For RRLS 

regularization parameter is also updated as per above mention algorithm with the help of weights of 

adaptive filter. Simulation framework is done in MATLAB 7.0.1. The comparative results of all three 

algorithms are displayed in fig.2. The above figure shows the reduction in error is much higher when 

regularization parameter is continuously updated with error and in this manner our results are 

obtained with less amount of error. 
 

 
 

Fig.2: Simulation Results for LMS, RLS, RRLS with µ= 0.005, λ = 0.99. 
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V. CONCLUSION & FUTURE WORK 

A new robust RLS adaptive-filtering algorithm that performs well in acoustic noise environments has 

been proposed. The New algorithm uses the norm of the gain factor of the cross-correlation vector to 

achieve robust performance against acoustic noise. In addition, the proposed algorithm uses a 

modified variance estimator to compute a threshold that is used to obtain A variable Regularization 

Parameter which offers improved tracking.  Simulation results show that the proposed algorithm is 

robust against noise and offers better tracking compared to the conventional RLS and LMS 

algorithms. 

For the linearly-constrained adaptive filters considered in the report, the set of equations specifying 

the constraints was assumed to be fixed and perfectly known throughout the 168 adaptation. In some 

applications this may not hold true for all time instants. For example, we may have a mismatch in the 

vectors building the constraint matrix as compared to the true ones, or the constraint values and the 

constraint matrix could be time-varying.  

The case of constraint mismatch can cause signal cancellation of the signal of interest. Algorithms 

more robust to mismatch in the constraint matrix could be obtained if quadratic constraints are 

incorporated into the solution. This should be investigated for the proposed linearly-constrained 

adaptive filtering algorithms. If constraint values are time-varying, convergence problems may occur 

because the optimal solution will change accordingly.  
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ABSTRACT 

Image Classification is the evolution of separating or grouping an image into different parts. The good act of 

recognition algorithms based on the quality of classified image. The good feat of recognition algorithms based 

on the quality of classified image.  An important problem in SAR image application is accurate classification. 

Image segmentation is the mainly practical loom among virtually all automated image recognition systems. 

Fuzzy c-means (FCM) is one of prominent unsupervised clustering methods, which can be used for Synthetic 

Aperture Radar (SAR) image classification. In this paper, we consider the problem of SAR image Classification 

by Fuzzy c-means technique. Here we proposed spatial information with the FCM clustering for improving the 

SAR image classification result. Hear two different fuzzy clustering techniques on SAR images that minimize two 

different objective functions for merging different region to get the classified SAR images. 

 

KEYWORDS: FCM, SAR image, color map. 

 

I. INTRODUCTION 

Synthetic Aperture Radar (SAR) grants such a capability. SAR systems take advantage of the long-

range propagation characteristics of radar signals and the complex information processing capability 

of modern digital electronics to provide high resolution imagery. Synthetic Aperture Radar (SAR) 

image classification is becoming more and more increasingly important in military or scientific 

research. . Region specification is a crucial step towards automatic classification of SAR images. 

Under some severe conditions of improper illumination and unexpected disturbances, the blurring 

images make it more difficult for target recognition, which results in the necessity of classification. 

Color based classification of image is a decisive operation in image analysis and in many computer 

vision, image elucidation, and pattern recognition system, with applications in scientific and industrial 

field(s) such as medicine, Remote Sensing, content based image and video repossession, document 

analysis, industrial automation and quality control. The performance of color segmentation may 

significantly affect the quality of an image understanding system. 

The motivation of this work is to develop a novel classification algorithm, which can be used to 

classified the SAR images and improve the overall accuracy [7] [9]. Classification algorithms for 

Synthetic Aperture Radar images have been suggested in the field of categorization [6]. During the 

past years, different techniques were in use for classification of synthetic aperture radar (SAR) 

images, based on the Maximum Likelihood (ML) [1], artificial Neural Networks (NN) [2] [3], fuzzy 

methods [4] or other approaches. The NN classifier depends only on the training data and the 

discrimination power of the features. Fukuda and Hirosawa [5] [11] proposed the wavelet-based 

texture feature sets for classification of multi frequency polar metric SAR images. So the 

Classification accuracy depends on quality of features and the employed classification algorithm. [8] 

[12] Fuzzy c-means is a method of clustering, which allows one piece of data belongs to two or more 

clusters. 
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In this paper, we proposed the modification of an unsupervised fuzzy clustering technique to guide the 

classification process by adding a-priori geometrical information in order to improve the final 

classification result. 

II. FUZZY C-MEANS CLUSTERING ALGORITHM  

The Fuzzy c-means clustering algorithm is an iterative clustering method that produces an optimal c 

partition by minimizing the weighted within group sum of squared error objective function Tfc  
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cluster, q is the weighting exponent on each fuzzy membership, vc is the prototype of the centre of 

cluster r, d2 ( , )r cX Y  is a distance measure between object Pc and cluster centre Vc of SAR image. 

A solution of the object function Tfc can be follows:: 

• Set values for the SAR image are  c,q,€, 

• Initialize the fuzzy partition matrix of segmented region. 

• Set a loop counter c=0. 

• Calculate c cluster for 
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In this case we can write for a SAR image: 
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III. PROPOSED ALGORITHM 

� Select initial class prototype of SAR image 
( ){ }b

iV  

� Update the memberships of Uij  

� Obtain the prototype of clusters of SAR image of weighted average. 

� The termination occurred when | Vnew - Vold| ≤€ 
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IV. PROPOSED WORK FLOW DIAGRAM 

 

 

V. EXPERIMENT RESULT 

In this thesis work, we have considered synthetic aperture radar images. The SAR images are 

classified by using novel approach based on Fuzzy c-means technique. The figure (Fig 1 to Fig 2) 

shows the original SAR images and corresponding histograms and the figure (Fig 1(a) to Fig 2(a)) 

shows the histograms of classified SAR images. 

 

 

 

 

 

 

 

 

 

 

Fig1: SAR image1 and Histogram 

If we taking the pick values we get the no. of class are 4.  After using our methodology we get the 

Histogram given below:  

 

 

 

 

 

 

 

 

  
Fig1a: Classified Histogram based on Fuzzy c-means technique 
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If we taking the pick values we get the no. of class are 10. 

 

 

 

 

 

Fig2: SAR image2 and Histogram 

If we taking the pick values we get the no. of class are 3. 

After using our methodology we get the Histogram given below:  

 

 

 

 

 

 

 

 

 

 

 

Fig2a: Classified Histogram based on Fuzzy c-means technique 

If we taking the pick values we get the no. of class are 9. 

Table1:-Class Table of SAR images. 

SAR 

IMAGE 

CLASS BASED ON 

NORMAL 

HISTOGRAM 

FUZZY C-MEANS 

TECHNIQUE 

HISTOGRAM 

Image1 4 10 

Image2 3 9 

VI. CONCLUSION 

In this paper, a novel algorithm based on the Fuzzy c-means for classification of SAR images is 

proposed. This technique is based on considering a 3X3 window and calculates successively the 

corresponding First, mean and variance of the SAR Images. Then store the color feature using Fuzzy 

c-means of same SAR image for better result. The proposed algorithm gives better result compared 

with Histogram based classification of SAR images.  
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ABSTRACT 

This paper analyses the bit error rate (BER) and capacity behaviour of orthogonal frequency division 

multiplexing (OFDM) and cyclic prefix based single carrier (CP-SC) systems using amplify and forward relay 

(AF) with two hops wireless channel type 1 ( Rayleigh-AF-UWB) and channel type 2 (Exponentially decaying 

multipath-AF-UWB). We consider Saleh-Venezuela [SV] channels-CM1, CM2, CM3 and CM4 for UWB 

standard. Our analysis show that BER performance is better in CP-SC system than OFDM system and CM1 

UWB shows the best BER performance among other SV channel standards in our compound environment. On 

the other hand, OFDM system shows better capacity performance than CP-SC system and again CM1 UWB 

shows best performance. We also investigate the case that transmitter is located at indoor and therefore we 

check the BER, capacity performance, and find poor performance than transmitter located at outdoor. 

KEYWORDS:  Bit error rate (BER), Ultra wide band (UWB), Orthogonal frequency division multiplexing 

(OFDM), Cyclic prefixed single carrier (CP-SC), Minimum mean square estimation (MMSE). 

I. INTRODUCTION 

Ultra wide band (UWB) technology, aiming at providing high data rate at low power consumption has 

attracted enormous interest in recent years. Both multi carrier UWB employing orthogonal frequency 

division multiplexing (OFDM-UWB) and impulse based single carrier (SC) transmission have been 

proposed to IEEE 802.15.3a as a potential candidate for physical layer technology [1-2]. OFDM-

UWB [3-4] has simple receiver structure where a one-tap frequency domain equalizer can sufficiently 

eliminate the multipath effects. Reference [5] investigated the channel estimation in ultra-wideband 

communications operating in a multipath environment and in the presence of multi-access 

interference. In [6], channel estimation and signal detection for UWB communications have been 

investigated with MMSE rake receiver at 7.5 GHz frequency. An efficient series is derived that can be 

used to calculate the probability of error in a binary symmetric channel with inter-symbol interference 

and additive white Gaussian noise [7].  
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Figure 1: Channel model for the proposed system 

A survey on frequency domain equalization (FDE) applied to single- carrier (SC) modulation is done 

in [8]. Similarities and differences of SC and OFDM systems and coexistence possibilities are 

discussed here. In [9], the minimization of uncoded BER for OFDM system with an orthogonal 

precoder is investigated. In [10], SC-FDE performs well with only small performance degradation, 

compared with perfect channel estimation. In [11], the CP-SC based UWB is proposed with minimum 

mean square estimation (MMSE) and in [12], the capacity of the CP-SC and OFDM based UWB has 

been proposed. Single carrier modulation with frequency domain equalization (SC-FDE) is a new and 

very interesting topic. In [11], we observed that the critical advantage of SC-FDE UWB over OFDM-

UWB is low peak to average power ratio (PAPR).  CP-SC with frequency domain equalization is very 

useful technique in broadband multipath fading environments for the cases where the channel is 

unknown at the transmitter and perfectly known at the receiver [12]. A useful outcome from [12] is 

that, the capacity of SC-FDE always poorer than that of OFDM in frequency selective channel under 

the assumption that the interference and noise are independent white Gaussian. We can further 

improve the capacity of CP-SC systems by introducing interference reduction techniques such as 

decision feedback approach and therefore SC-FDE is a very promising technology to meet the 

required high-speed data rate, low cost and low power UWB communication. Throughout the 

manuscript, we assume that, the cyclic prefix (CP) length is greater than the length of discrete time 

baseband channel impulse response, so the inter symbol interference (ISI) is eliminated [12]. 

We propose a compound channel with two hops combined by AF relay. For the case of continuous 

connectivity, sometime transmitter needs to transmit data through multiple hops. The first hop having 

5-taps Rayleigh/ exponentially decaying multipath channel and the second hop has UWB SV [13] 

channel. We consider QPSK modulation scheme. For OFDM system consists of zero-forcing (ZF) 

equalizer and CP-SC system consists of MMSE equalizer. ZF equalizer has low complexity and the 

simplest for OFDM data detection. OFDM has peak to average power ratio (PAPR) issue and this 

leads the poor BER performance of OFDM systems than CP-SC systems. However due to multiple 

sub-channels in OFDM systems, capacity is higher in OFDM systems for both compound channel 

type 1 and channel type 2.  

The manuscript is organized as follows. Section II presents the system model following the BER and 

capacity of both OFDM and CP-SC systems. Section III compares the BER performance and capacity 

performance of combined channel and related simulated results. In Section IV, we conclude the 

manuscript. 

The notations used in this manuscript in the following sections are:   (·)�  denotes Hermitian 

transpose,	(·)∗ denotes the complex conjugate. We use ��	for an N x N identity matrix.	�(·) is the 

Dirac delta function. E (·) denotes the statistical expectation.  

II. SYSTEM MODEL 

A. Channel Model  

We consider the OFDM and CP-SC systems over proposed channel type 1 and 2 as explained in sec I. 

The first hop consists of Rayleigh/ exponentially decaying multipath channel and second hop has 

UWB SV [13] channel. A block of signals	(0 ≤ � ≤ � − 1) is transmitted with block length of N. 

The QPSK signal can be expressed as ��	 = 	±√�� 2�  ±	�√�� 2� , where ��	is the symbol energy. The 
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noise term of k-th sub-channel is,	�� =	�� −	��, where �� is the IFFT output of the k-th subcarrier 

with noise variance of ���. 

A.1. Channel at the First Hop 

The channel impulse response of the first hop Rayleigh / exponentially decaying multipath channel 

and its frequency response can be expressed, respectively, as  

   ℎ(�) = 	∑ ℎ !"# $% �(� − &)                                                                                 (1) 

and  

   		'(= ∑ ∑ ℎ �(� − &)	�")�*�+ ,�!"# $%,"#+$%                                                                 (2) 

 
Figure 2: QPSK data generation 

where, L is the total number of taps, �(·)		is the Dirac delta function, ℎ  is the & -th tap’s channel 

impulse response for 0 ≤	k	≤ 	� − 1.  

A.2. Channel at the Second Hop 

 Channel impulse response of UWB-SV Channel model [13] is expressed as,  

   ℎ(.) = ∑ ∑ /� 0�$%0 $% �")123�(. − 4 − 5� )                                                                          (3) 

ℎ(�.) = 	 #6 ∑ ∑ /� 0�$%0 $% �")123�(�. − 4 − 5� )      

where M is the normalization factor. The frequency response of the second hop is expressed as,   

  		'7 =	 #6 	∑ ∑ 8 (/� 0"00�$%0 $% �(�. − 4 − 5� )�")(9:"123);.)                                                  (4)  

where,  & is the number of clusters, � is the number of rays, 4  is the delay of &-th cluster. 	5�  is the 

path delay of �-th ray of &-th cluster, /�  is the path gain of �-th ray of &-th cluster.  <�  is the phase 

angle of �-th ray of &-th cluster. <�  will be assumed a priori to be statistically independent random 

variable over =0,2?@ distribution. 5�  forms a poisson arrival-time sequence with mean arrival rate of 	A. /�  associated with every	5�  is then picked from some probability distribution whose moments are 

the function of 5�  that eventually vanishes for large values of 5� 	 [13]. 

The combined channel frequency response between transmitter and receiver is expressed as, 

  ' = B'('7	                                                                                          (5) 

We consider the first and second hop is having circulant matrix property. According to the circulant 

matrix property, the multiplication of two circulant matrix results a circulant matrix.  Here H is 

having circulant matrix properties, 	' ∈ D,E,  , amplification Factor G, '7  = ''∗  and �,�  is the 

noise variance of the combined channel.     

B. Data Transmission and Reception  
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In this section, we consider the transmission and reception of CP-SC and OFDM signals over our 

proposed channel type 1 and type 2. At the beginning of this transmission, we add the cyclic prefix in 

OFDM and CP-SC systems. After the insertion of CP in OFDM and single carrier systems, signals 

can be expressed, respectively, as                 

  F = G�,",H , �,",HIJ , ………………�,"#, �%, �#, ��, … . . �,"#M                                                 (6)             

and   N = =�,",H , �,",HIJ , ………………�,"#, �%, �#, �� ………�,"#@                                                 (7)                             

Here, �O is the number of subcarriers for guard interval (length of cyclic prefix). The signal received 

via the relay can be expressed as,			   
       P = 'F + R                                                                           (8)                                                          

It is known that the circulant matrix ' can be decomposed in [16] as, H=S'TS , then,  

                   	P = S'TSU + R	                                                                                          (9)                                             

where, D is the diagonal matrix and		S is the FFT matrix which can be expressed as,   

   		V ,� =	 #√, �")�* �/,,			0 ≤ &, � ≤ � − 1                                                             (10)    

The MMSE equalizer co-efficient for single carrier system can be expressed as (for k-th sub-carrier), 

             D� =	 �2∗
|�2|YZ[2Y                                                                                                      (11) 

C.   BER Performance 

C.1. BER Performance of OFDM System 

The signal is QPSK modulated; therefore, BER of k-th sub-channel can be expressed as, 

       					\�]	(�)^_`6,a_=b(c�� ���d )                                                                                     (12)                                                         

where, Q(n)= 8 �":²/�0+ ;./√2? and n≥ 0 from  [14]. Therefore,  

          
					�� ���d = gh,i |�2|²d =	gh|�2|²,i                                                                                                (13)                                              

Taking the mean for total N sub-channels, the BER for OFDM system using ZF equalizer can be 

expressed as, 

\�]^_`6a_ = #, ∑ \�]	(�)^_`6,a_,"#�$%   = #, ∑ b jkgh|�2|²,i l,"#�$%                                                         (14) 

C.2. BER Performance of CP-SC System  

We know that the MMSE receiver is not ISI free and therefore the detection of bit �% will consist of 

the signal, noise and interference part [11] and the detected bit can be expressed as, 

	m% =	 #, ∑ n�,"#�$% �% +	 #, ∑ (∑ n��")�* �/,,"#�$% ),"# $# �  + �o                                                                 (15) 
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where, �o is the noise part of the detected signal and can be expressed as,  

                                        �o = 	 #, ∑ (∑ D��")�* �/,,"#�$% ),"# $# �                                                      (16)                                  

Here �  is the & -th noise element of the channel and �o  is the real Gaussian noise after MMSE 

equalization and IFFT with variance, 

         	�²+o = �=|�o|²@ = 
#, ∑ |(∑ D��"pYq32r,"#�$% )|²,"# $#                                                                        (17)      

The second term of (15) is the interference part and mainly known as residual ISI (inter symbol 

interference) and can be expressed in short form as,  

           	� =	∑ n��")�* �/,,"#�$%                                                                                                 (18)                                                             

Then,          � = 	 #, ∑ 	� ,"# $# �                                                                                                            (19)                                                                 

Finally, the error probability of the system using Gaussian Approximation can be expressed using the 

following equation,    

						\�]stus66ug = b	( Jv ∑ w2vIJxyi
√	=z{ ∑ |�3|Y	ZrIJ3yJ ∑ |∑ s2}IpYq32rrIJ2yi |YrIJ3yJ @	)                                (20)	

where, Q(ˑ) is the Gaussian tail function [14]. n� for k-th sub carrier is expressed by 	 |�2|²|�2|YZ[2Y  .  

D. Capacity Performance 

D.1. Capacity Performance of OFDM System 

Let the received signal over the k-th subcarrier be given by,  

~� =	���� + ��                                                                                      (21)                                           

where �� is defined in the previous sub section,   ��~D�(0, �+�) and the modulated symbol satisfies �{|��|�}=1. Assume that the channel state information (CSI) is perfectly known at the receiver.  The 

channel capacity over the k-th subcarrier can be expressed in [12] as, 

       �� =	 log�(1 + |��|Y��Y )	                                                                               (22)                                                 

Then the capacity carried by one OFDM symbol becomes,  

   						C���� =	∑ log�(1 + |��|Y��Y
�"#�$% )                                                                  (23) 

 D.2. Capacity Performance of CP-SC System 

The received signal after the removal of CP in SC-CP system is expressed in [11] as, 

      � = 'N + R                                                                                               (24)                 

where, the transmission symbol has �{|;�|�}= I   and   �~D�(0, �+��). We first apply FFT to the 

received signal, so that we have,   

         �� = S'N + SR = S'N + �                                                                       (25) 
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where,  m~D�(0, �+��). After this, we apply FDE, where its k-th element is defined by using (12) and 

then IFFT. Through these operations, the received signal after FDE becomes, 

              � = S'�� = 	S'TS'N + S'TSR                                                               (26)           

Let the k-th element of  � be denoted by �� which can be expressed as,  

              �� = �� + �� + ��                                                                                       (27) 

where,  ��, ��, and �� are the k-th element of data , interference and noise respectively. The signal-to-

noise-and- interference ratio (SINR) is defined by in the following,  

               A� =	 g{|u2|Y}g{|�2|Y}Zg{|+2|Y}                                                                               (28)                                                 

Therefore, the channel capacity of CP-SC systems can be expressed as, 

       Dst"us = ∑ log�(1 + A�),"#�$% =	∑ &���(1 + g{|u2|Y}g{|�2|Y}Zg{|+2|Y})	,"#�$%                          (29)                                           

III. SIMULATED PERFORMANCE OF THE PROPOSED SYSTEM AND 

DISCUSSIONS 

A. Channel Models  

For simulating our proposed model, we consider MATLAB¡6simulation tool. The relay is mounted at 

the boundary between the indoor and outdoor channel. We consider the Saleh-Valnezuala [13] 

channel model for indoor communication according to IEEE 802.15.3a group (Nov. 2003) and the 

system parameters are given in the table 1. 

Table 1: Indoor Channel Model from IEEE 802.15.3a group (Nov. 2003) 

 

B. Performance Comparison between OFDM and CP-SC System Under Proposed 

Combined Channel 

We consider QPSK modulation for data generation using MATLAB¡6  simulation tool. The 

performances of zero forcing based OFDM and MMSE base CP-SC systems over combined channel 

are evaluated using the formulas derived in the previous section. We compared the results by varying 

UWB channels-CM1, CM2, CM3 and CM4 from [13] where the rms delay spread ranges from 5ns to 

25ns. We take 10000 channel realizations. For both CP-SC and OFDM, we took 256 point FFT and 

CP length of 32. The system bandwidth in our case is 500 MHz and carrier frequency is 4GHz. We 

assume that perfect channel state information (CSI) is available at the receiver due to slow time 

varying nature of UWB channels. 

C. BER Performance Analysis 
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 We consider two different scenarios where the transmitter is located at outdoor and transmitter is 

located at indoor. We consider UWB channel for indoor communication and Rayleigh/ exponentially 

decaying multipath channel for outdoor communication. 

1. Transmitter located at outdoor 

 

      Figure 3. OFDM and CP-SC system for Rayleigh               Figure 4. OFDM and CP-SC system for  

                      -AF-UWB channel                                         exponentially decaying multipath Channel 

 

Figure 3 shows the BER performance comparison of OFDM and CP-SC systems for Rayleigh-AF-

UWB channels. Here the BER performance of CP-SC based Rayleigh-AF-CM1 SV Channel [13] 

shows the best performance among others with BER of 10"¢  at SNR of 18dB. Overall CP-SC 

systems show better BER performance than OFDM systems. As we know that the CP-SC system has 

minimum peak to average power ratio (PAPR), therefore the BER of Rayleigh-AF-UWB channel 

with CP-SC systems have better BER performance than OFDM based systems. 

Figure 4 shows the BER performance comparison of OFDM and CP-SC systems for exponentially 

decaying multipath-AF-UWB channels. Here the BER performance of CP-SC based exponentially 

decaying multipath-AF-CM1 SV Channel [13] shows the best performance among others with BER 

of 10"£ at SNR of 20 dB. Overall CP-SC systems show better BER performance than OFDM systems. 

BER performance is identical with figure 3 but performance is poorer than Rayleigh-AF-UWB 

channels. The reason of poor BER performance of channel type 2 is mainly based on outdoor channel 

characteristics such as power delay profile (PDP) and robustness against echo and other noisy 

characteristics of the environment. 

2. Transmitter located Indoor 

 

      Figure5. OFDM and CP-SC system for                         Figure 6. OFDM and CP-SC system for UWB -AF- 

                  UWB -AF- Rayleigh channel                               exponentially decaying multipath channel 
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Figure 5 shows the BER performance comparison of OFDM and CP-SC systems for UWB-AF-

Rayleigh channels. Here the BER performance of CP-SC based SV [13] CM1-AF-Rayleigh Channel 

shows the best performance among others with BER of 10"£  at SNR of 20 dB. Overall CP-SC 

systems show better BER performance than OFDM systems. However, the performance is lower as 

compared with Rayleigh-AF-UWB channels because the second hop (Rayleigh channel) has low 

transmission rate than UWB channels, less robustness against echo and more noisy environment 

around the receiver. 

Figure 6 shows the BER performance comparison of OFDM and CP-SC systems for UWB-AF-

exponentially decaying multipath channels. Here the BER performance of CP-SC based SV [13] 

CM1-AF- exponentially decaying multipath Channel shows the best performance among others with 

BER of 10"£ at SNR of 20 dB. One major outcome of this indoor-outdoor channel model is that we 

may use only SV [13] CM1 in the indoor environment for uplink purpose because of good BER 

performance in both Figure 5 and Figure 6. However, in Figure 3 and Figure 4, we can use CM1 and 

CM2 for outdoor-indoor proposed channel model. 

D. Capacity Performance Analysis 

1. Transmitter located at outdoor 

 

         

Figure 7. OFDM and CP-SC system for              Figure 8. OFDM and CP-SC system for Exponentially 

                        Rayleigh-AF-UWB channel                             decaying multipath-AF-UWB channel 

Figure 7 shows the capacity performance comparison of OFDM and CP-SC systems for Rayleigh-AF-

UWB channels. Here the capacity of OFDM based Rayleigh-AF-CM1 SV [13] channel shows the 

best capacity performance among others with capacity of 8.5bps/Hz at SNR of 30 dB. Overall OFDM 

systems show better performance than CP-SC systems (about 2bps/Hz).  Due to multiple carriers, 

OFDM systems have better capacity than single carrier communication (CP-SC systems). 

Figure 8 shows the capacity performance comparison of OFDM and CP-SC systems for exponentially 

decaying multipath-AF-UWB channels. The results are almost identical but the capacity of 

exponentially decaying multipath channel is almost 2bps/Hz better than Rayleigh-AF-UWB channels. 

2. Transmitter located at indoor 
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Figure 9. OFDM and CP-SC system for             Figure 10. OFDM and CP-SC system for UWB -AF-  

                UWB -AF- Rayleigh channel                              Exponentially decaying  multipath channel 

Figure 9 shows the capacity performance comparison of OFDM and CP-SC systems for UWB-AF-

Rayleigh channels. Here the capacity of OFDM based SV [13] CM1-AF-Rayleigh channel shows the 

best capacity performance among others with capacity of 7.2bps/Hz at SNR of 30dB. Overall OFDM 

systems show better performance than CP-SC systems (about 2.4bps/Hz). However, the capacity of 

this channel type is poorer than that of Rayleigh-AF-UWB channels (about 1.3bps/Hz). Figure 10 

shows the capacity performance comparison of OFDM and CP-SC systems for UWB-AF- 

exponentially decaying multipath channels. Here the capacity of OFDM based SV [13] CM1-AF- 

exponentially decaying multipath channel shows the best capacity performance among others with 

capacity of 9.2bps/Hz at SNR of 30dB. However, the capacity of this channel type is poorer than that 

of exponentially decaying multipath-AF-UWB channels (about 0.9bps/Hz). We observe that the 

overall capacity of the indoor-outdoor channels is poorer than the outdoor-indoor channels as the 

second hop has poor transmission capacity and therefore a portion of the indoor capacity in the first 

hop (indoor) will be unused and it will create a bottleneck situation and overall capacity will degrade 

about 1bps/Hz.   

IV. CONCLUSION 

Based on the observed formulas, CP-SC systems show better BER performance than OFDM systems 

but we need to compensate with capacity, as the capacity of OFDM systems are showing better than 

CP-SC systems in our proposed model. We did not consider any kind of channel coding and therefore, 

we can further improve our system using channel coding and different types of relay and will make 

comparison between the outcomes. Furthermore, we can improve our system for more than two hops 

for enhancing the coverage. At the end, we examine the reverse link and find that for uplink case, we 

can use SV [13] CM1 channel with standard BER of 10"£ that will be a good option while applying 

our system for transceiver scenario. We can further improve our system using decision feedback for 

complete CSI information to the transmitter. 
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ABSTRACT 

This paper addresses power allocation methods for multimedia signals over wireless channels. The objective is 
to minimize total power allocated for image compression and transmission, while the power for each bit is kept 
at a predetermined value. Minimum and maximum power adaptation methods are proposed. In this work, an 
approach for minimizing the total power allocated of a multimedia like image due to source compression and 
transmission subject to a fixed bit source distortion. Simulations are performed using Haar wavelet over AWGN 
channel using BPSK modulation. The numerical analysis of Bit Error Rate (BER) shows that optimized power 
methods can reduce the total power allocated by a significant factor and the Bit error rate is reduced 
considerably compared to the Conventional power method using Haar wavelet.. 

KEYWORDS: Minimum, Maximum, BPSK, Awgn, Haar Wavelet, Modulation 

I. INTRODUCTION 

By the advent of multimedia communications and the information superhighway has given rise to an 

enormous demand on high-performance communication systems. Multimedia transmission of signals 

over wireless links is considered as one of the prime applications of future mobile radio 

communication systems. However, such applications require the use of relatively high data rates (in 

the Mbps range) compared to voice applications. With such requirement, it is very challenging to 

provide acceptable quality of services as measured by the bit error rate (BER) due to the limitations 

imposed by the wireless communication channels such as fading and multipath propagation. The main 

resources available to communications systems designers are power and bandwidth as well as system 

complexity. Thus, it is imperative to use techniques that are both power and bandwidth efficient for 

proper utilization of the communication resources. 

Power Allocation has been an effective approach to mitigating the effect of fading channels in the 

quality of signal transmission over wireless channels. The system typically involves a mechanism of 

measuring the quality of the channel seen by the receiver and providing such information to the 

transmitter to adjust the amount of transmitted power. For instance, if the channel is good then less 

power is used while if the channel is bad then more power is used. Few modifications to this strategy 

have been proposed such as to send higher data rates rather than reducing the power if the channel is 

good or not to send at all if the channel is bad. These systems are considered as opportunistic systems 

since they take advantage of the information about the channel to optimize the communications 

process. The main issues for these systems are the need for a feedback link fast enough to track the 

time variation of the channel and not utilizing the message structure of the image or video signal to be 

transmitted in power allocation[1-2]. 
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The rest of the paper is organized as follows..Section II presents the Problem Formulation. RMSE 

Optimization Using Power Allocation Methods are presented in section III. Section IV presents a brief 

view of Wavelets. Finally, Numerical Results and conclusions are drawn in section V. 

II. PROBLEM FORMULATION 

Efficient use of the multimedia limited battery power is one of the major challenges in information 

devices. The management of power becomes even more critical with devices integrating complex 

video signal processing techniques with communications. Some of the key technologies that affect the 

power in this respect are source signal compression, channel error control coding, and radio 

transmission. Power consumption of base band processing should also be taken into account. On the 

other hand, the work on improving the power  has focused on separate components such as algorithms 

and hardware design for specific video and channel coders and low power transmitter design [3], [4]. 

Joint optimization of source compression, channel coding, and transmission to balance the quality of 

service and power requirements of the multimedia has only recently attracted interest[5]. The work by 

Appadwedula et al. [6], considers minimization of the total energy of a wireless image transmission 

system. By choosing the coded source bit rate for the image coder, redundancy for the Reed–Solomon 

(RS) coder, transmission power for the power amplifier and the number of fingers in the RAKE 

receiver, the total energy due to channel codec, transmission, and the RAKE receiver is optimized 

subject to end-to-end performance of the system. The proposed system is simulated for an indoor 

office environment subject to path loss and multipath. Significant energy saving is reported. In [7] and 

[8], by changing the accuracy of motion estimation different power and distortion levels for H.263 

encoder are provided [9].The coded bits are packetized and unconventionally protected using RS 

codes and are transmitted over a code-division multiple-access system operating over a flat fading 

channel.  

Depending on the execution location, power control algorithms can be categorized as either 

centralized or distributed. An optimum centralized power control algorithm which can achieve the 

minimum outage probability was studied in [3]. It is assumed that all the active link gains are 

available and remain constant during execution of the algorithm. This assumption, of course, is not 

realistic because of the high computational complexity required for the algorithm [10-12].  

In the previous algorithms of power allocation methods only local information is used to adjust 

transmitting power. However, a normalization procedure is required in each iteration to determine 

transmitting power and, thus, these algorithms are not fully distributed. In this paper, a controlled 

power adaptation algorithm which does not need the normalization procedure is proposed. The 

excellent performance and the fully distributed property make our proposed algorithm a good choice 

for multimedia systems [13-16]. 

III. RMSE OPTIMIZATION USING POWER ALLOCATION METHODS 

When there are N number of images and M number of bits in a multimedia system, then the powers 

transmitted by the bits are P = [P�, P�, …………… . . P	]  and the respective RMSEs at the bits 

be		RMSE = [RMSE�, RMSE�, ……… . . RMSE	]. Let    RMSE�  be the target RMSE. For a system 

with M bits per sample, there are  2M different samples to be transmitted.  

The probability that ith sample with a decimal value of (i) is reconstructed is given by 

 

P�=∏ [p�ϑ(k) +	����� (1 − p�)ϑ(k)�]                                                                     (1) 

Where p� is the probability that the  kth bit is in error.ϑ(k) is Conventional  to zero if the indices of i 

and k are same and the value will be Conventional  to 1 if the indices are different. The notation ϑ(k)�] 
represents the binary inversion of ϑ(k). 
The MSE for the above case is calculated as 

MSE = �
�� ��∑ P�	�����                                                                              (2) 

The MSE for other samples can be obtained following a similar procedure and the average MSE can 

be calculated by averaging over all possible samples. It is possible to show that, on average, all MSE 

values are approximately the same and hence equation (7) will be average MSE. The Root Mean 
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Square Error (RMSE) is obtained by taking the square root of (7)[17-18] .Note that the probability of 

the kth   bit to be in error for the AWGN case is given by 

PE� = Q(#2 %&'( (k)	)                                                                                      (3) 

In these systems, the MSE level is satisfied at each bit. Once the bit allocation is carried out, the 

power control takes a role of controlling the error caused by bits. On one hand, this algorithm must be 

reduced to minimize the interference at other bits, and, on the other hand, it must be sufficient for data 

communication [19,23-24]. 

3.1  Algorithm: 
1. Initialize number of iterations 

2. Initialize number of bits 

3. Initialize power step size to ∆P. 

4. InitializePAPR*+,.. 
• for  i = 1 to iterations 

5. Initialize power vector to all ones 

6. Define two bits, R is recipient power and C is contributing power , 

• for  j = 1 to bits 

7. Compute RMSE. 

8. Update power of all the bits using 

																P�-.� = RMSE�-xP�-                                                                         (4) 

9. Where     

																									RMSE�- = 	01	(2	3%4
5,2	3%6)

2	3%45        (5) 

P�-.�			=Power allocated in the n+1 state 

P�-  = Power allocated in the n state 

RMSE�-=Root mean square error of kth bit in  nth iteration 

RMSE� =Target Root Mean Square Error 

 

10. Calculate the maximum power of each bit.   

11. Repeat the same procedure 4 and 5 above but with the Contributor bit C incremented by one 

until all least significant bits are used. 

12. Calculate the maximum MSE. 

13. Plot Energy per Bit versus Bit error Rate. 

IV. BER OF BPSK MODULATION 

Modulation is the process by which signal waveforms are transformed and enabled to better withstand 

the channel impairments. The Q-function can be described as a function of error function defined over 

[0,∞)  and is given by 

erf(x) = �
√π < e�=

>dy,
�         (6) 

With erf(0)= 0 and erf	(∞)=1 

												PA = Q(�2γA)      (7) 

 

				PB = 1 − [1 − Q(√(2γ_b	))]�       (8) 

						γB =2γA = 0
>
'(        (9) 

PB ≤ 2QF�γBG + QH#2γBI ≤ 3QF�γBG 
Where the Q function is defined as: 

Q(x) ≤ �
√�π< e

∞

,
�K>> dx       (10) 

The Bit Error rate of BPSK involves two BPSK modulations on in-phase and quadrature components 

of the signal. The bit error probability is given by 

Q(z) ≤ �
M√�π e�

K>
> dx      (11)  
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PBN O
�>πγP
e��.QγP        (12) 

PA		Can be approximated from PB	 by PA	 as 

PA = RP�          (13) 

 

The Bit Error Rate for BPSK signalling can be calculated by an approximation of symbol error rate 

using nearest neighbour approximation. The Symbol error probability can be approximated by 
                                                          

PB=2QS�0B�-
π

 
��'( T = 2Q U�2γB	Sin

π

	X     (14) 

V. WAVELETS 

Wavelets are mathematical functions that cut up data into different frequency components, and then 

study each component with a resolution matched to its scale. The wavelet transform has the ability to 

decorrelate an image both in space and frequency there by distributing energy compactly into a few 

low frequency and a high frequency coefficients. The efficiency of a wavelet based image 

compression scheme depends both on the wavelet filters chosen as well as on the coefficient 

quantization scheme. In the discrete wavelet transform, an image signal can be analysed by passing it 

through an analysis filter bank followed by decimation operation. The analysis filter bank consists of 

a low pass and high pass filter at each decomposition stage. when the signal passes through these 

filters it splits into two bands [17-18].  

The low pass filter corresponds to an averaging operation, extracts the coarse information of the 

signal, The high pass filter corresponds to a differencing operation that extracts the detail information 

of the signal. The output of the filtering operation is then decimated by two.A two dimensional 

transform is accomplished by performing two separate one dimensional transforms. First the image is 

filtered along the row and decimated by two. It is then followed by filtering the sub image along the 

column and decimated by two. This operation splits the image into four bands, namely LL, LH, HL 

and HH respectively. The LL band is transmitted along the channel by allocating power allocation and 

one level of decomposition was taken into consideration. The four bands are transmitted over wireless 

channel and the coefficients are reconstructed using inverse transform.  

The approximation coefficients are reconstructed using inverse discrete transform process and various 

parameters are studied in the proposed and conventional methods for three levels of sub band 

decomposition. This kind of two-dimensional DWT leads to a decomposition of approximation 

coefficients at level j in four components: the approximation at level j + 1, and the details in three 

orientations (horizontal, vertical, and diagonal). 
 

 

Fig.1 Image showing Decomposition Steps 
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Fig.2 Image showing Approximated Coefficients at Level 1Decomposition 

 

 

 

Fig.3 Image showing Approximated Coefficients at Level 2 Decomposition 

 

Fig.4 Image showing Approximated Coefficients at Level 3 Decomposition 
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VI. NUMERICAL RESULTS AND CONCLUSIONS 

Bit Error Rate (BER) values are obtained for Conventional Power Adaptation Algorithm, Minimum 

Power Adaptation Algorithm and Maximum Controlled Power Adaptation Algorithms. The results 

obtained via equations (5), (6) and (10) are presented for AWGN channel in Fig. 4, 5 and 6. The 

improvement in performance obtained by the Minimum Power Adaptation Algorithm (MPAA) with 

low power as compared to the Maximum Power Adaptation Algorithm (MaPAA) with maximum 

power and the value of Eb/ No at which the system is operating as shown in Fig. 2.A better 

Performance is observed in Maximum Power Adaptation Algorithm (MaPAA) compared with 

Conventional Power Adaptation Algorithm (CPAA) as shown in Fig.3 

Fig.4 shows the plots of BER performance of BPSK modulation using haar wavelet at level 1, level 2 

and level 3 using Conventional Power Adaptation Algorithm (CPAA), Minimum Power Adaptation 

Algorithm (MPAA) and Maximum Power Adaptation Algorithm (MaPAA) the plot proves that better 

Performance is observed in Maximum Power Adaptation Algorithm compared with Conventional 

Power Adaptation Algorithm as the power controlled is maximum. If the minimum power is 

considered, then Minimum Power Adaptation Algorithm exhibits better performance than the other 

two algorithms.  

The plots shows that better Performance is observed in Maximum Power Adaptation Algorithm 

(MaPAA) compared with Conventional Power Adaptation Algorithm (CPAA) as the power is 

maximum. If the minimum power is considered, then Minimum Power Adaptation Algorithm exhibits 

better performance than the other two algorithms, since it uses minimum power. The plot shows that 

better Performance is observed in Maximum Power Adaptation Algorithm compared with 

Conventional Power Adaptation Algorithm as the power is maximum. If the minimum power is 

considered, then Minimum Power Adaptation Algorithm exhibits better performance than the other 

two algorithms. Both minimum power Adaptation Algorithm and Maximum Power Adaptation 

Algorithms show better BER performance in image transmission using three levels of haar wavelet 

compared with Conventional Power Adaptation Algorithm. 

Table.1 shows the BER values of Image Transmission in AWGN using BPSK Modulation at different 

levels using Haar Wavelet. The performance in level 3 using Haar wavelet shows better quality of the 

image compared with the other levels of image transmission over wireless channels using Haar 

wavelet. Lower values of BER are observed in level 3 rather than level 1 and level 2 using Maximum 

Power Adaptation Algorithm. 
Table 1: BER values of Image Transmission in AWGN using BPSK Modulation at different levels using 

Haar Wavelet 

 

Modulation 

Type 
BPSK   MODULATION 

LEVEL Level 1 level 2 Level 3 

Power 

Allocation 

Method 

Minimum 

Controlled 

Power 

Adaptation 

Algorithm 

Maximum 

Controlled 

Power 

Adaptation 

Algorithm 

Conventional   

Controlled 

Power 

Adaptation 

Algorithm 

Minimum 

Controlled 

Power 

Adaptation 

Algorithm 

Maximum 

Controlled 

Power 

Adaptation 

Algorithm 

Conventional   

Controlled 

Power 

Adaptation 

Algorithm 

Minimum 

Controlled 

Power 

Adaptation 

Algorithm 

Maximum 

Controlled 

Power 

Adaptation 

Algorithm 

Conventional   

Controlled 

Power 

Adaptation 

Algorithm 

Eb/No BER BER BER BER BER BER BER BER BER 

0 0.072 0.3526 0.5006 0.0727 0.3533 0.4993 0.0715 0.3217 0.4989 

1 0.0432 0.3091 0.5003 0.0444 0.3102 0.5 0.0452 0.2873 0.4987 

2 0.022 0.2649 0.4972 0.0232 0.2671 0.5006 0.0224 0.2495 0.4995 

3 0.0092 0.2217 0.5 0.0097 0.2226 0.4994 0.0089 0.2119 0.4978 

4 0.0024 0.1775 0.4965 0.0023 0.1753 0.4989 0.0023 0.1734 0.4993 

5 0.0003 0.1321 0.4983 0.0003 0.1325 0.4978 0.0003 0.1393 0.499 

6 0 0.0901 0.4986 0 0.0909 0.4991 0 0.1053 0.4993 

7 0 0.0506 0.501 0 0.0515 0.502 0 0.074 0.5018 

8 0 0.0159 0.5 0 0.016 0.4986 0 0.0491 0.5001 

9 0 0.0008 0.4995 0 0.001 0.4992 0 0.028 0.4995 
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Fig.5 BER Performance for Image Transmission in AWGN for BPSK Modulations using Conventional, 

Minimum and Maximum Power Adaptation Algorithms

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

Fig.6 BER Performance for Image Transmission in AWGN for BPSK Modulations using Minimum and 

Maximum Power Adaptation Algorithms
 

 

 

 

 

 

 

 

 

 

 

 

Fig.7 BER Performance for Image Transmission in AWGN for   BPSK Modulations using Conventional and 
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ABSTRACT 

Innovated and designed by Masood Rahimi, Saied Ijadi, and Ali Sahebi June 2008 Edited and revised 

September 2010. General aims are to immediately and assumingly settle and localize the rescued people; 

elderly people, patients, women and children in less than few hours after the disaster. The followings are the 

consequences: 1- Pesenting the necessary services to global humanity in crisis as well as critical circumstance 

and highly appropriate to be accomplished in any geographical climates. 2- Creating comfort and mentally 

stress-free attitude because of already owning the security tools in incidents and natural disasters. 3- 

Completely being prepared so as to encounter with post-disastrous incidents. 4- Confidently passing through 

the early hours of crisis. 5-The security tools package is confidently as well as instantaneously accessed by 

disaster locals. [1] 6- The building and sustaining the depots equipment can be actively co-operated in pre-

disasters by all residents on the planet. 7- The first-aid security package is in advance constructed by self-

assurance of the Federal Authorities. 8- A huge potential energy of the governments on finance, timing, and 

authorities can be relieved to generally encounter with the effects of the post disaster occurrences. 9- Possible 

fair distribution of complementary assistance amongst critical area and damaged nations. 

KEYWORDS: Relief, Rescue, Depot, Relief Package, Post Disaster   

I. INTRODUCTION 

Nowadays, with respect to the accomplished experiences in construction of urban installations as well 

as establishments, which has certainly been led to a specialized issue, is being enjoyed by the citizens 

who slightly are aware of the detailed information. It is believed that the various essential needs are 

the effects of new civilization, therefore there have to be reasonable assumptions or deductions to not 

only predict solutions, but also the old clues are necessarily upgraded and updated. [2] One of the old 

but significant requirements for men is the security against natural disasters which more often than not 

endanger people’s lives throughout the world, nevertheless we are unable to accurately predict. 

II. STATING THE PROBLEM 

Nations have achieved impressive advancements in technology, instruments and tools, nonetheless 

they still encounter with unanswered problems such as; discovering natural disaster mysteries; 

earthquake, flood and famine, yet they strive and manage to fundamentally find out clues or solutions 

to rectify the damage through innovating new methods so as to decrease people’s unwanted deaths 

within or even after the disasters. The ever- developing methods have remarkably been promoted. The 

project of the depots of rescue and relief package in natural disasters accordingly presents the most 

effective solution for the time being. [3, 4] 
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III. THE EXISTING RESCUE AND 

With respect to the global statistical evidences as we
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deal with hazard risks upon disaster people and area.
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It is now the time to revolutionize a better development in relief history to replace the previous 

methods with the most instantaneous relief method in more ensuring mitigation to enliven the disaster 

nations for post disaster conditions.

arrangements of Mitigation period.   

Figure 1. A graphic representation of the four phases in emergency management
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Preparedness is basically to become responsive to 
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NGOs and state organizations and civil public teams 

disasters. [5]      

V. PERFORMING MANOEUVRES AND 

One of the most efficient methods 

response and readiness in applicants and volunteers. 

practicing both for the trainers and trainees at least once and at most twice a year so as to persuasively 
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Preparedness is basically to become responsive to post natural disasters as well as hazards.

NGOs and state organizations and civil public teams are to mutually perform mock response to post 

ANOEUVRES AND MOCK PRACTICE  

One of the most efficient methods world widely is to obviating enrich experiencing the most prompt 

response and readiness in applicants and volunteers. It is highly recommended to keep mock 

practicing both for the trainers and trainees at least once and at most twice a year so as to persuasively 

prepare them for the actual crisis. The perspective of the depots is illustrated on Figure 2.
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Figure 2: The entrances where are led into the depots underneath 

VI. THE PREDICTION AND ALLOCATION OF THE REQUIRED FINANCIAL 

SOURCES IN THE PROJECT                         

In order to proceed and operate the project the followings are recommended: 

1- Global contributions of the governments which unconditionally play the major supportive role 

on the field to assuredly invest on funds.  

2- The end-users contributions (target community) are to admit to partly pay the funds in 

instalments with the aim of accustoming to responsibilities of the target community.  

3- Considering the significance as well as essentiality of the depots constructions to finally 

protect the target communities, it is conspicuously recommended that the international 

organizations and the most important of all the UN to invest on the project.  

4- The local communities, NGOs, and investors can also fulfil their major contribution to 

promote and precede the project internationally. The Figure 3 illustrates the uncovered 

depots.  
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ABSTRACT 

This paper presents the experimental investigation carried out to determine the mechanical properties of coir 

fibre reinforced high strength concrete of grade M50 incorporating fly ash (FA) and densified silica fume 

(DSF). Three different compositions of coir fiber reinforced concrete (CFRC) were made. First CFRC without 

additives, second CFRC made by 10% replacement of cement mass with FA, in the third composition 10% of 

cement mass was replaced with DSF. In each mentioned admixture, coir was added in its natural length by 

0.4% of the binder volume. The mechanical properties viz., compressive strength, flexural tensile strength, 

density and elasticity modulus of all mixes has been determined. The investigations revealed that adding coir 

fibres to high strength concrete caused a slight reduction in density and compressive strength of concrete by 

about 1.5 and 1.2% respectively. However, it improved the flexural tensile strength and dynamic elasticity 

modulus by 4 and 9%. Improvement of ductility in presence of coir has been proven 

through direct observation and experiment. Coir fiber reinforced concrete contains FA presented the highest 

strength compared to other mixes with about 8% higher strength compared to control concrete. It also 

presented the highest quality through sonic investigation followed by CFRC without additive and CFRC 

incorporating 10% DSF. 

KEYWORDS: High Strength Concrete; Coir Fibre; Densified Silica Fume; Fly Ash; Compressive 

Strength; Flexural Strength; Young Modulus 

I. INTRODUCTION 

High strength concretes (HSC) has been extensively used in construction industry in recent years 
since most of the rheological and mechanical characteristics of these materials are better than those of 
normal strength concretes (NSC). HSC contains chemical admixtures, for water reduction, and having 
a compressive strength between 50 and 80 MPa. 
       Almost all these concretes have mineral additives involve for a variety of reasons including 
strength improvement, reduction of permeability, higher crack resistance and durability factors. Some 
pozzolans such as silica fume (SF) and fly ash (FA) have a significant potential in this context [1]. 
Advantageous incorporation of SF through pozzolanic reaction and micro-filler properties in HSC has 
been reported by some researchers [2-5]. Similarly, FA characteristic as a partial cement replacement 
has been investigated by different authors [5-7] and it is concluded that in addition to many 
environmental benefits, it also improves the properties and quality of HSC. However, as strength and 
softness are inversely proportional, HSC is more brittle than NSC and has some poor performances in 
case of ductility. As a result, it is essential for this type of concrete to be reinforced [8,9]. Since, steel 
reinforced concrete has a short lifecycle due to the corrosion of the steel and it requires to be repaired 
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continuously [10], adding fibres in the composite is efficient in order to overcome these problems and 
improving the toughness, tensile strength and deformation characteristics of the concrete, mainly due 
to their excellent properties and low cost. Among different types of fibres, natural fibres are 
renewable, non-hazardous, economic, abundant and are a proper replacement of asbestos [11]. Coir is 
a kind of natural fibre which is abundantly available in tropical areas, moreover it is tough and 
durable, provide excellent insulation against temperature and sound and is unaffected by moisture 
[12,13]. The achieved results of all the researches on the effect of coir on concrete properties 
[14,15,16,] have presented that coir fibre improves the mechanical properties of concrete. However, 
the number of these studies is very few [17] and also there are no enough standards and reliable 
information available about the mechanical properties of HSC incorporating pozzolans and coir fiber 
in a combination.  
       Thus, this paper aims to investigate the mechanical behavior of coir fiber reinforced high strength 
concretes contain FA and DSF. Compressive strength, flexural strength, density and elasticity 
modulus characteristics of all series will be experiment. Experimental results of different 
compositions of coir reinforced concretes will be compared to those of plain concrete made by 
ordinary Portland cement CEM1, to illustrate the effect of coir and pozzolans on concrete properties.   
This paper is organized with a brief problem formulation in section 2. Section 3 introduces the 
material proportion and mix design employed in this investigation. Section 4 and 5 presents the 
experimental results and comprehensive discussion of the findings obtained from this study and 
conclusion respectively.   

II. PROBLEM FORMULATION 

Conventional reinforced concrete uses steel rebars to increase the strength and ductility. Nevertheless, 
steel reinforcement is still costly in all countries throughout the world. In order to overcome the 
complexity, cost-effective but safe constructional material is required. Natural fibres can be one 
possible material, as they are economical and locally available in many countries. In this work, fly ash 
(FA) and densified silica fume (DSF) are employed in coir fibre reinforced high-strength concrete.   

III. MATERIAL PROPORTION AND MIX DESIGN 

Type I ordinary Portland cement, produced by CIMA which is packed under the brand name "Blue 
Lion Cement” was used. The fine aggregates were locally sourced quartzitic natural river sand in 
uncrushed form with the fineness modulus of 3.26, specific gravity of 2.83 and a maximum aggregate 
size of 5 mm and the coarse aggregate was crushed gravel passed through 10 mm sieve. The DSF 
used was a product of SCANCEM materials in Singapore with the specific gravity of 2.28, a median 
particle size of 28.21 µm and specific surface area of 0.2170 m²/g. This product complies with ASTM 
C1240-03a and AS3582.3 1994. Class F fly ash is designated in ASTM C 618 and originates from 
burning harder, older anthracite and bituminous coal. The medium particle size of used fly ash in this 
research was 26.68 micrometer with the specific gravity of 2.25. The chemical compositions of 
CEM1, SF and FA are presented in Table 1. 

Table 1. Chemical compositions of Portland cement, FA and DSF. 
 

% by total mass 
Chemical 
compound 

Portland 
cement 

Fly ash Densified silica 
fume 

Mgo 
Al2O3 
SiO2 
SO3 
K2O 
CaO 

Fe2O3 
Na2O 

1.50 
3.60 

16.00 
3.10 
0.34 

72.00 
2.90 
n/d 

2.21 
26.43 
46.25 
1.85 
3.07 
7.61 

10.71 
1.11 

4.60 
0.27 

84.00 
0.44 
2.70 
0.66 
0.54 
4.20 
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Natural coir fibre without cutting to specific length has been added to all admixtures. The measured 
average length of the added coir fibre in mixes was 10cm. Type F superplasticizer of sulfonated 
melamine formaldehyde condensates category was used by 0.2% of binding weights to keep a 
constant level of workability and to produce the designated slump of 30mm. The potable water from 
local water supply network was used as the mixing water. Table 2 shows the mixture proportions of 
concrete mixes. Control concrete (control) mix containing only Portland cement type I as 
cementitious materials and without coir fiber reinforcement was manufactured. Coir fiber reinforced 
concrete (CFRC) was also made by ordinary Portland cement CEM1 to specifically present the effect 
of coir on HSC, in two other mixes coir fibre reinforced high strength concrete made by 10% 
replacement of cement mass with FA, and DSF respectively. 

3.1. Preparation of Samples 

The dry constituents were mixed together properly then superplasticizer, water and finally fibres were 
added to the mix. The concrete samples made by casting fresh concrete into the moulds in three layers 
and each layer was compacted using a vibrating table for 15 second. 24 hours after casting samples 
were demoulded and specific code of each admixture was written on the surface of each sample.  
Then, samples were immersed in normal potable water continuously until the date of testing. Density, 
compressive and flexural tensile strength tests of concretes were carried out at the ages of 7 and 28 
days and elasticity modulus test and sonic investigation were conducted at 28days. 

Table 2. Mixture proportions. 
 

 

*Coir was added by 0.4% of the binder volume. 

3.2. Test Set-up 

Each sample was weighted before testing and samples density was recorded in units of grams per 
cubic centimetre (g/cm3). Having this information was necessary to find the density of the concrete in 
different ages in order to determine how compact one substance is compared to another. The balances 
used, determined the mass of samples to an accuracy of 0.1% suggested by British Standard.  
Cubes with 100x100x100 mm³ dimensions were experimented for compression in ages of 7 and 28 
days. For each day, three specimens were tested in order to find an accurate average. The specimens 
were loaded at a rate of 150 kN/min. Flexural strength test performed on prisms of height (h) 100 mm, 
width (w) 100 mm and length L (l) 500 mm dimensions, according to BS EN 12390-5:2009, using the 
Universal Testing Machine. The average of two values was taken to define flexural strength of that 
particular type of specimen.  
The dynamic elasticity modulus of concrete was determined non-destructively using resonance tests 
as prescribed in ASTM C215 and C-666. Two prisms with 100x100x500 mm³ dimensions were tested 
from each composite at the age of 28days. This testing method was carried out using an E-Meter MK 
II™ based upon the determination of the fundamental resonant frequency of vibration of a specimen 
generated by an impact and sensed by an accelerometer. The frequency spectrum was computed and 
displayed by the meter.  
Sonic investigations were carried out in direct method by employing the Portable Ultrasonic Non-
destructive Digital Indicating Tester (PUNDIT) to estimate amount of cavities, cracks and defects in 
CFRCs. The pulse velocity in a concrete depends on its density and its elastic properties which in turn 
are related to the quality and the compressive strength of the concrete. 
 

 

 

 
Symbol 

 

Mix proportion (kg/m³) 
Cement Sand Gravel DSF FA 

Control 495 689.0 1033 - - 
CFRC* 495 689.0 1033 - - 

CFR DSFC* 445.5 689.0 1033 49.5 - 
CFR FAC* 445.5 689.0 1033 - 49.5 
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Table 3. Test results and characteristics of hardened concrete 

 

IV. RESULTS AND DISCUSSION 

The experimental results of all conducted tests on the four composites are presented in Table 3 and are 
analyzed in following sections. 

4.1 Compressive Strength 

Figure 1 shows the compressive strength of different mixes at the age of 7-day and 28-day. 
Considering the results shown in Figure 1, for all series, the compressive strength increased with ages. 
Incorporation of coir fibers in concrete caused a minor reduction in its compressive strength 
capability. However, a significant improvement in the strength of coir fiber reinforced concrete with 
10% cement replacement with FA could be observed. Compressive strength of coir fiber reinforced 
concrete incorporating DSF was slightly lower compared to that of coir fiber reinforced concrete 
without additive. 
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Figure 1. Compressive strength of different mixes at 7-day and 28-day 
 

a. Coir Fibre Reinforced Concrete (CFRC) 
 
Compressive strength of CFRC was 1.5% lower compared to that of control concrete at the age of 28 
days. Coir fibres reduced compressive strength of concrete by increasing voids content due to lower 
efficiency in concrete compaction. Existence of the polar groups in coir caused inefficient bonding 
between coir and the hydrophobic matrix, since a dry coir fibre uptakes large amount of moisture 

No Mix Reference 

Compressive 
strength (Mpa) 

Flexural 
strength (Mpa) 

Density 
(kN/m³) 

28-Day 
dynamic 

modulus of 
elasticity 

(Gpa) 

28-Day 
ultrasonic 

pulse velocity 
(km/s) 

7   Day 
28 

Day 
7 Day 28 Day 7 Day 28 Day 

1 Control 47.3 52.5 5.2 5.8 24.7 25.1 40.8 - 
2 CFRC 46.9 51.7 5.7 6.3 24.3 24.8 42.6 43.8 
3 CFR DSFC 44.1 50.5 5.5 6.2 23.4 24.1 41.1 42.9 
4 CFR FAC 48.3 56.6 5.3 7.1 23.9 24.3 44.4 44.2 
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content and reduced wettability in concrete mixture. Furthermore, there is possibility for fibres -
especially long fibres- to be folded and folded fibres cannot be connected with unfolded fibres 
properly [18] and a weak bond between those portions of fibre will eventually lead to reduction in 
composite strength. Interconnected of these fibres may also reduce the strength of concrete. Thus, 
since there is no attachment exists among fibres and they are not bonded with matrix sufficiently, 
failure occurs before reaching the designated strength of composite. 
 
b. Coir Fibre Reinforced Fly Ash Concrete(CFR FAC) 
 
Compressive strength of CFR FAC was about 8% higher compared to control concrete. As mentioned 
earlier, addition of coir increased voids content in concrete leading to reduction of compressive 
strength. FA used in this research consists of particles with 2.2 kg/m³ relative density which is a more 
efficient void-filler than Portland cement with relative density of 3.15 kg/m³. Spherical shape of FA 
particles also, allowed them to flow freely in mixtures and fill the forms more completely during 
vibration.  
Furthermore, in alumino-siliceous pozzolans such as fly ash, both silica and alumina react with 
calcium hydroxide -which is a potential site of weakness in the cement paste- and produces additional 
calcium silicate hydrate and various calcium-aluminate hydrates and calcium alumino- silicate 
hydrates leading to an additional reduction in capillary porosity during hydration [19-21]. This 
reaction leads to higher rate of strength gain in time, enabling coir reinforced fly ash concrete to 
produce considerably higher ultimate strength compared to control plain concrete. 
 

c. Coir Fibre Reinforced Densified Silica Fume Concrete (CFR DSFC) 
 
Compressive strength of CFR DSFC at the age of 28 days was about 3.8% and 2.3% lower compared 
to control concrete and CFRC respectively. Normally, a fresh un-densified SF has particle in the size 
range of about 0.03-0.3 µm. However, in densification process of SF progressive entanglement of 
clusters of SF particles occurs during tumbling action, which results in formation of dense 
agglomerates [22] so that the median particle size of DSF used in this research was 28.21 µm which is 
much coarser than cement particles with median particle size of 3.19 µm. Such alteration in particle 
size of SF has adverse effects on its micro filler action in concrete and rate of secondary hydration 
between SF particles with portlandite produced from primary hydration of cement [23].  
In hydration process, presence of the relatively big pozzolanic particles (>10 µm) decelerate the 
reaction between lime and silica and most of the gels will be produced after the hardening of the 
cement, resulting in possible disastrous pressure build-up and a slow destruction of the concrete. As a 
result, the proper measures should be taken to disperse SF agglomeration to make it more effective on 
improving the properties of materials. 
 
4.2 Flexural tensile strength 
 
Figure 2 demonstrates the flexural strength of different mixes at the age of 7-day and 28-day. 
Comparing to control concrete, the flexural tensile strength of CFRC, CFR DSFC, CFR FAC 
improved by about 9%, 7%, and 23% respectively. Cement matrix has the important function of 
transferring applied load to the fibres along with keeping the fibres together. The capability of a fibre 
reinforced concrete depends on the fibre-matrix interface and the ability to transfer stress from the 
matrix to the fibre. Discontinuous fibres are randomly distributed throughout the cement paste to 
delay and control the tensile cracking of concrete. Fibres transform inherent unstable tensile crack 
propagation to a slow controlled crack growth. This crack controlling property of fibre reinforcement 
delays the initiation of flexural and shears cracking and increase the flexural strength. Fibres get hold 
of giving additional tensile strength and extensibility in concrete under flexural loading so that the 
matrix will no longer lose its load-carrying capacity at first crack. 
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Figure 2. Flexural strength of different mixes at 7-day and 28-day 
 
4.3    Modulus of Elasticity 
 
Figure 3 illustrates the modulus of elasticity of different mixes at the age of 28-day. Comparing to the 
PHSC, the dynamic elasticity modulus of CFRC, CFR DSFC and CFR FAC improved by about 4%, 
1%, and 9% respectively. Among the factors affecting modulus of elasticity of concrete, moisture 
condition plays an important role.  
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Figure 3. Flexural strength of different mixes at 7-day and 28-day 
 
Moist curing of the specimen until testing time reduced drying and increased elasticity modulus of 
concretes as drying produces more micro cracks in the transition zone, which affects the stress-strain 
behavior of the concrete. Coir fibre also decrease the micro cracks in the transition and plays a major 
role in affecting the stress-strain behavior of concrete since the transition zone characteristics affect 
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the elastic modulus more than it affects the compressive strength of concrete.  
 
4.4   Density 
 
Density measurements of 7, 14 and 28 days of four admixtures are presented in Table 4.7 which are 
achieved by weighting cubes and prisms before compression and flexural testing. For all series it was 
observed that, density of concrete was slightly increased over the age. Densities of the four 
admixtures are in the range of 2400-2600 kg/m³ which are above the considered range for 
conventional concrete. It is vital to achieve a maximum possible density because a high density stops 
the water vapor inside the concrete from escaping out of the concrete mass.  
There was a slight reduction in the density of CFR FAC and CFR DSFC compared to CFRC because 
FA and DSF have a lower specific gravity compared to cement. Specific gravity of FA and DSF are 
2.25 and 2.2 respectively, which are somewhat lighter than Portland cement with a specific gravity of 
3.15. Thus, adding this pozzolans to a concrete mixture will not densify the concrete. Contribution of 
coir fibre also decreased concrete density by about 1.2% since presence of voids in concrete reduces 
the density and strength. This needs an adequate workability for a perfect compaction offer a 
reasonable amount of work under the given conditions.  
 
4.5 Ductility 
 
When plain concrete cubes were subjected to compressive strength, small initial cracks formed on the 
surface of samples. Cracks progress fast and extend followed by crashing and blasting to failure. 
Failure occurs suddenly once the ultimate compressive load was achieved. However, when CFRC 
samples were subjected to the compressive loads specimen seems still unbroken even when ultimate 
loading and failure occurred. Figure 4 shows the test specimens after compression test. This 
observation proves that brittle failure of control was transformed to relatively ductile failure with the 
presence of coir fibre. 
 

                                      

                                    (a) PHSC Sample                                                    (b) CFRC Sample 
 

Figure 4. Samples shape after failure 
 
4.6 Ultrasonic pulse velocity (UPV) 
 
Among all specimens, CFR FAC obtained the highest UPV at 28 days. It was higher than UPV of the 
CFRC about 1% and the lowest UPV was attained by CFR DSFC that was lower than that of CFR 
HSC about 2%. It signified that the FA series specimens might have more compacted microstructures 
than DSF series specimens. Concrete with less porosity has higher strength and higher UPV since the 
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presence of void on the path will increase the path length as it goes around the void. UPV of CFRC, 
CFR DSFC and CFR FAC were between 4.2 and 4.5 km/s. Therefore, according to IS: 13311 Part 1, 
they were classified as sound concrete with desirable quality. 

V. CONCLUSIONS 

When coir fiber is added to concrete and part of the Portland cement is replaced by fly ash or 
densified silica fume, each of these additives acts in a different but co-operative way, depends upon 
their chemical or physical characteristic. Incorporation of natural coir fibers causes about 1-2% 
reduction in ultimate compressive strength of high strength concrete, this may be due to lowering the 
quality of compaction in presence of coir and increasing the porosity. Compressive strength of CFR 
FAC was about 8% higher compared to control concrete as FA with its spherical particle shape and its 
lower relative density than ordinary Portland cement is a better void filler. It also reduces concrete 
voids and porosity through contribution of both silica and alumina in hydration process and improve 
concrete strength additionally. Besides, introduction of coir in mix, improves the flexural tensile 
strength of CFRC, CFR DSFC, CFR FAC by about 9%, 7%, and 23% respectively. It should be 
pointed out that reduction of micro cracks, significantly affects the stress-strain characteristic of 
concrete so that comparing to the control concrete, the dynamic elasticity modulus of CFRC, CFR 
DSFC and CFR FAC improved by about 4%, 1%, and 9% respectively. Densities of CFR FAC and 
CFR DSFC are slightly lower compared to CFRC because FA and DSF have a lower specific gravity 
compared to cement. Coir also causes reduction in concrete density by increasing concrete voids 
content.  
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ABSTRACT 

In this paper we present a new AES encryption and decryption process for both plain text and key Expansion. 

This algorithm is widely accepted due to its strong encryption, complex processing and its resistance to Brute-

force attack. The proposed modifications are implemented on the rounds of the algorithm and Hash Based key 

expansions are made. These modifications enhance the degree of complexity of the encryption and decryption 

process, thereby making it difficult for the attacker to predict a pattern in the algorithm. 

KEYWORDS: S-Box, Key Matrix, Modified SubBytes, Modified ShiftRows, Modified MixColumns., Modified 

Key Expansion, Modified Inverse MixColumns. Modified Inverse ShiftRows, Modified Inverse SubBytes. 

I. INTRODUCTION 

Rijndael Algorithm: The Advanced Encryption Standard comprises three block ciphers, A E S -128, 

A E S -192 a n d    AES-256.  AES h a s  a  fixed block size of 128 bits and a key size of 128, 192, 

or 256 bits. The block-size has a maximum of 256 bits, but the key-size has no theoretical 

maximum.  The cipher uses number of encryption rounds which converts plain text to cipher text. 

The output of each round is the input to the next round. The output of the final round is the 

encrypted plain text known as cipher text.  The input given by the user  is entered in a matrix 

known as State Matrix. Following are the four steps. 

1.1 SubBytes Step 

SubBytes, also known as Byte substitution are the first iterative step of the algorithm in each round. 

In the SubBytes step, each byte in the matrix is reorganized using an 8-bit substitution box.  This 

substitution box is called the Rijndael S-box. This operation provides the non-linearity in the 

cipher. The S-box used is derived from the multiplicative inverse over GF (2
8
), known to have 

good non-linearity properties. To avoid attacks based on simple algebraic properties, the S-box I     

constructed by combining the inverse function with an invertible affine transformation.  The S-box 

is also chosen to avoid any fixed points (and so is a derangement), and also any opposite fixed 

points. [5] 

1.2 Shift Rows Step 

The Shift Rows step is performed on the rows of the state matrix. It cyclically shifts the bytes in 

each row by a certain offset. The first row remains unchanged. Each byte of the second row is 

shifted one position to the left. Similarly, the third and fourth rows are shifted by two positions 

and three positions respectively. The shifting pattern for block of size 128 bits and 192 bits is the 

same. 

1.3 Mix Columns Step 

In the Mix Columns step, the four bytes of each column of the state ma t r i x  a r e  combined 

using an invertible linear transformation. A randomly g e n e r a t e d  polynomia l  i s  a r r a n g e d  
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i n  a  4*4 matrix.  The same polynomial i s  used during decryption. Each c o l u mn  o f  t h e  

s t a t e    matrix i s  X O R -ed w i t h  t h e  corresponding column of the polynomial matrix. The 

result is updated in the same column.  The output matrix is the input to Add Round Key. 

 

1.4 Add RoundKey 

 

A round key is generated by performing various operations on the cipher key. This  round  key  is  

XOR-ed  with  each  byte  of  the  state matrix.  For every round a new round   key i s  

g e n e r a t e d  using some operations on the cipher key. 

II. PROPOSED MODIFIED AES ALGORITHM 

The proposed changes in the current AES algorithm are as follows: 

The cipher key is arranged in a 4*4 matrix. Each row of this matrix is used for specific 

operations in the proposed modifications. The first two rows of the cipher key matrix are used in 

the modified Sub Bytes round. The third row is used in the modified Shift Rows round. The last 

row is used in the modified Mix Columns r o u n d .  The Add RoundKey step   used    in   the 

original AES algorithm remains unchanged. H a s h  b a s e d  k e y  e x p a n s i o n  u s e d  i n  

p r o p o s e d  s y s t e m .  The plain text is there by arranged in a 4*4 matrix known as State 

matrix (M). 
 

 
Fig. 1 ASCII Conversion 

2.1 Modified Sub Bytes 

Converting the first row of the key matrix into its binary equivalent, four groups of 8-bit binary 

values are generated as shown below. The first 4-bits from each 8-bit value are separated out as 

shown in figure.  These  bits  are  grouped into 4  groups:  g0g7,  g1g6,  g2g5,  g3g4  where  g0,  g1,  

g2 and g3  represent  the row  number  and  g7,  g6,  g5  and  g4 represent the column number of  

state  matrix respectively. The data at location M (g0, g7) is substituted from S-box. The 

substitution is  carried out according to  the original Sub Bytes round of AES algorithm. This is 

repeated for the remaining locations viz. M (g1,  g6), M(g2,  g5)  and  M(g3, g4). Thus, using the 

first row of the cipher matrix 4 data elements are substituted in the state matrix.  Similarly, the 

entire process is carried out using the second row of cipher key matrix. 

 
Fig. 2 Modified Sub Bytes 
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Fig. 3 Modified Sub Bytes 

2.2 MODIFIED SHIFT ROWS 

In this step the third row of the key matrix is converted to its binary equivalent form.  The binary 

string is grouped into 8 groups, each group having 4 bits starting from first bit as shown in the figure. 

The bits of a0 are XOR-ed with those of a4 to obtain a 4 bit binary result, P, as shown above.  

Similarly, Q, R and S are generated from the remaining group’s i.e.  [a1, a5], [a2, a6] and [a3, a7] 

respectively. Bits  of P  and  R  are used to identify  the  row  number  whereas  the  bits  of  Q  and  S 

give the number of cyclic left shifts. The first two bits of P represent the row number which is to be 

cyclically left shifted. For this row one less than the number of ones in Q is calculated.   

This gives the number of shifts for the row represented by P. The same process is repeated for 

R. Here, if first two bits (say a0 and a1) represent  the  same row  which  was  previously  

shifted  then   a1  and  a2  are considered which  is  the  next  immediate bit.  Again, if the row 

number is same then a2 and a3 are checked followed by a3 and a1. After checking all the bits, 

if the row number comes out to be the same, then the same row is shifted by one less than the 

number of ones in S. 

 

Fig. 4 Modified Shift Rows 

Therefore, the maximum number o f  r o w s    shifted i s  2 . Mirror operation is performed on the 

remaining rows.  In this operation,  individual data  is  converted from each row into its  binary  

form  and read  it  from  right to left, finally converting  it  back  to  hexadecimal  value.  An 

example is shown below. 

Consider data element 4A (Hexadecimal) = 0100 1010 (binary form) 

Reading from right to left we get 0101 0010 = 52 (Hexadecimal) 

2.3 Modified MixColumns 

In this round the elements of the fourth row of key matrix is grouped as shown in the figure. These 

groups are then converted into their respective decimal value and modulus-4operation is performed on 
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each group. The remainder (r) will always lie in range of 0 to 3 i.e. 0 ≤ r ≤ 3. 0, 1, 2 and 3 represent   

the   first,   second,    third   and   fourth   column respectively.   The    Mix Column    round   of   the   

original algorithm is   carried   out   on   the selected column.   The maximum number of columns 

mixed in this step is 4. 

    

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 
2.4 Modified Key Expansion 

In Proposed algorithm we are using hash based key expansion algorithm. First we compute hash code 

for the key used in AES algorithm. Then hash code combined with key that will compressed into 16 

bytes in length. We are using MD5 hash method for hash code creation. It will provide strong 

encryption for our proposed system. Then hash based 16 byte key converted into words. Using the 

below function, successive words are generated for add round key used in each round.  

1. RotWord performs a one byte circular left shift on a word. 

2. SubByte performs a byte substitution on each byte of its input word using s box 

3. Result of above steps is XORed with a round constant, Rcon[j]. 

III. DECRYPTION PROCESS 

The decryption process takes place in exactly reverse order of the encryption process. When the 

encrypted data reaches the receiver, the receiver f i r s t  X O R s the d a t a  arranged in the 4*4 

matrix with the key matrix. The result obtained is subjected to the following rounds: 

 

3.1 Inverse MixColumns 

This process works same as modified MixColumns but in exactly reverse way. The last row of key 

matrix is considered in this step. The  operations are carried out on the data matrix in  exactly the 

reverse order as that of encryption process. 

 

3.2 Inverse ShiftRows 

 

In this round, the bits of the third row of the key matrix are grouped as explained in Shift Rows 

step mentioned above. It should be noted that the bits are grouped according to the figure shown 

above. In this round the row pointed by bits in R and the row pointed by bits in P is cyclically 

shifted to right respectively. The remaining rows are then mirrored randomly in any order. 

 

3.3 Inverse SubByte 

 

                      Fig. 5   Modified Mix Column 
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In this round, the second row of the key matrix is used. The operations carried out in the Sub Bytes 

round as explained above, remains unchanged. The order of substitution is taken from inside to 

outside which means the coordinates are substituted in order of M(g3, g4), M(g2, g5), M(g1, g6) 

and M(g0, g7).We use inverse S-Box for substitution of the data in the matrix. 

IV. IMPLEMENTATION 

The proposed changes to AES algorithm can be implemented in any programming language. Here we 

have implemented it using java language. The pseudo codes for the step modifications are given 

below. 

4.1 SubBytes Step 
modifiedSubstituteByte(byte key[][] , byte state[][]) 

{ 

for(number i=0; i<2; i++) 

{ 

byte tempkey[8]; 

// this loop will get first four bits of selected block //of key 

matrix 

for(number j=0;j<4;j++) 

{ 

// it will store first two bit tempkey[j*2]=first 

& two bit of key[i][j]; 

// it will store next two bit tempkey[(j*2)+1]=third & 

fourth bit of key[i][j]; 

} 

for(number j=0;j<4;j++) 

{ 

substitute (tempkey[j],tempkey[7-j]) byte of state matrix using 

S-Box ; 

} 

} 

} 

4.2 ShiftRows Step 
modifiedShiftRows(byte key[][] , byte state[][]) 

{ 

byte tempkey[4]; number 

count[2]; for(number 

i=0;i,2;i++) 

{ 

temp[i*2]=XOR(first four bits of key[2][0],first four bits of 

key[2][2]); 

temp[(i*2)+1]=XOR(next four bits of key[2][0],next four 

bits of key[2][2]); 

count[i]=countNumberOfOnes(temp[(i*2)+1]); 

for(number i=0;i<2;i++) 

{ 

number row=findRow(temp[i*2]); 

cyclicLeftShift(row , count[i]); 

} 

number remainingRows[]=findRemainingRows(); 

doMirrorRow(remainingRows); 

} 

} 

4.3 MixColumns Step 
modifiedMixColumn(byte key[][] , byte state[][]) 
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{ 

byte tempkey[8]; 

for(number j=0;j<4;j++) 

{ 

tempkey[j*2]=first four bits of key[3][j]; 

tempkey[(j*2)+1]=remaining four bits of key[3][j]; 

} 

for(number i=0;i<4;i++) 

{ 

byte temp=tempkey[i],tempkey[7-i]; 

mix the (temp%4) column of state matrix with the 

randomly generated polynomial 

} 

} 

4.4 Key Expansion Step 
Modified keyexpansion (byte key[16],word w[44]) 

{ 

h=H(key); 

Append(hash code,key) 

Follow key expansion procedure 

Word t 

For (i=0;i<4;i++) 

W[i]=(key[4*i],key[4*i+1],key[4*i+2], key[4*i+3]); 

For(i=4;i<44;i++) 

{ 

t=w[i-1]; 

if(i mod 4 =0) 

t= subword(rotword(t))XOR Rcon[i/4]; 

w[i]=w[i-4] ~t 

} 

} 

V. STRENGTH 

Even though the modifications are performed on the original AES algorithm, the security of the 

original algorithm remains intact. The cipher key in AES is of 128 bits.  Therefore to break the cipher 

key it requires 2128 possibilities and tests to be carried out. This is theoretically almost impossible. 

Therefore, the Brute-force Attack fails on the AES algorithm. 

The modifications made to the existing AES have made sure that there is no fixed pattern in any of the 

steps of the algorithm. The modifications have provided the algorithm with strong diffusion and 

confusion. Therefore, statistical analysis of the ciphertext fails. The most important security advantage 

is that no differential or linear attacks on AES have been able to break the algorithm. 

VI. CONCLUSION 

The modifications proposed by us can be implemented without increasing the size of the key block. 

Though the original algorithm is very secure the proposed changes in the processing of the 

algorithm and key expansion will help to encrypt the data by making stronger diffusion and 

confusion. It also increases the complexity of the algorithm multiple times. These proposed changes 

once implemented will make it very difficult to decrypt the ciphertext without proper decryption 

key. 

VII. FUTURE WORK 

This algorithm is more secure than Data Encryption Standard(DES) because the key is used in the 

beginning of algorithm unlike it is in DES at a later stage and the number of rounds in DES is 16 
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whereas it is less in our algorithm. Also our algorithm contains less number of operations as compared 

to DES algorithm and hence it will take less time for encryption and decryption as compared to DES 

algorithm. Our algorithm contains less numbers of rounds where as it is 10 in Advanced Encryption 

Standard (AES) and in this regard it is better than that of AES algorithm and takes less time. Also our 

algorithm contains more number of non linear functions(confusions or substitutions) than that of AES 

algorithm, which builds up the better security aspect of cryptography .Because use of non linear 

functions (substitutions or confusions)have better security than that of linear functions(Permutations 

or diffusions).  We have planned to develop a new substitute box (S-Box) which will satisfy all the 

cryptographic properties. Also we have planned to apply hybrid cellular automata rules for block 

cipher. 
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ABSTRACT 

The importance of Distributed Generation (DG) is a well known fact for power system engineers. The power 

system with integrated DG has to follow grid codes in order to maintain a safe and reliable electricity supply 

throughout the area. The question may arise, which all areas in power system require the aid of DGs and their 

effect on power system when integrated. So here the importance of Flexible AC Transmission systems(FACTS) 

comes into picture. Static Synchronous Compensator (STATCOM) one of the FACTS controller is an ideal 

controller to improve the capabilities of wind farms as they offer an easy solution to two of the important 

requirements of the expected grid code – namely dynamic reactive power compensation and fault ride through 

capabilities. A case study is carried out to know the effect of wind DG and how STATCOM helps the system to 

improve its qualities under fault conditions. An IEEE test system is considered here and using 

MATLAB/SIMULINK the test system is modelled. For this system a wind farm is integrated at some assumed 

position and the behaviour of the system is studied when wind DG integrates the system. Scopes are obtained 

and analyzed the effect of wind DG when connected to the grid. To overcome the voltage dips at the point of 

common coupling a STATCOM is connected and observed the scopes. Significant improvement of voltage is 

seen from the scopes with STATCOM and hence maintenance of grid code can be achieved. 

 

KEYWORDS: Distributed Generation, FACTS, Power System, STATCOM, Grid Codes   

I. INTRODUCTION 

For a large and dispersed rural country, decentralized power generation systems, where in electricity 

is generated at consumer end and thereby avoiding transmission and distribution costs, offers a better 

solution. The concept of DG has been taken as decentralized generation and distribution of power 

especially in the rural areas. In India, the deregulation of the power sector has not made much 

headway but the problem of T&D losses, the unreliability of the grid and the problem of remote and 

inaccessible regions have provoked the debate on the subject. As people in many of the electrified 

villages are very much dissatisfied with the quality of grid power, such villages also encouraged to go 

ahead with the Distributed Generation Schemes [1]. Though India has made considerable progress in 

adopting technologies based on renewable sources of energy these are not yet capable of commercial 

application on a large scale. Since last decade, technological innovations and a changing economic 

and regulatory environment have resulted considerable revival of interest in connecting wind 

generation to the grid [2]. 

It is estimated that in India with the current level of technology, the ‘on-shore’ potential for utilization 

of wind energy for electricity generation is of the order of 65,000 MW. India also is blessed with 

7517km of coastline and its territorial waters extend up to 12 nautical miles into the sea. Potential 
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areas can be identified on Indian map using

Wind Research organization in the country is leading in all such resource studies and has launched 

its Wind Resource map. Fig. 1 shows the wind power potential in India. According to 

achievement report, The cumulative installed capacity of Grid Interactive Wind Energy in India by the 

end of September 2011 was 14989M

target of 2400MW). MNRE has estimated

highlights the installed capacity in various states of India.

be met with the potential of wind energy which need to be installed in upcoming years and plan is 

ever going on.   

The growth of Wind potential makes one to think about the problems associated with 

when it integrates with the grid. 

and operated by mechanical switches. But as these switches introduces harmonics into the system.

Smooth operation of centralized grid is possible only if grid codes are maintained and it’s possible 

with STATCOM as switching operation of capacitor banks introdu

A case study simulated with STATCOM and without STATCOM

to know how the effect of STATCOM

performance of the system. 
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II. GRID CODES 

Many of the current wind farms use conventional capacitors to reduce the reactive power drawn from 

the grid. The capacitors, though economical, cannot provide a robust and flexible performance.  As 

the penetration of wind energy is increasing, grid operators all over the world are putting in place 

appropriate Grid Interconnection Codes.  Higher penetration of renewable will have higher impact on 

the grid. Since the output of the wind and solar power is varying in nature, it poses integration 

challenges. 

The grid operators would like to see the wind and solar farms operate as conventional power plants, 

meaning that they provide a steady state of power without any intermittencies or fluctuations. Since 

wind and solar as well as other renewable are intermittent sources of energy, technology needs to 

them to “look like” fossil fuels. Many regions have adopted special interconnection standards called 

“grid codes” to integrate renewable into the grid. The grid codes help in establishing a standard 

operating practice to minimize the impacts on the grid while providing a platform for uniform 

requirement that maximizes benefits for the grid and the developers alike. 

In INDIA it is expected to increase renewable energy as the government continues to focus on and 

encourage renewable energy generation. However, as the use of renewable energy increases, it 

becomes imperative on the part of the government and regulatory boards to introduce standards that 

ensure a safe and reliable connection. Without these standards, India’s grid cannot be improved. 

Because the penetration of the wind energy is already substantial in India, there is an urgent need for 

grid codes to be maintained as high level of penetration of wind power in future is expected. As solar 

energy generation will be the next big wave in India, it is logical to prepare for the future and 

appropriately plan all renewable into the Grid Code so that the grid operators can maintain a safe and 

reliable electricity supply throughout India. Major criteria are to maintain poor voltage and that’s why 

the importance of reactive compensation comes into picture. 

2.1. Reactive Power Compensation 

Present day technique for the reactive power compensation required to maintain grid codes is by 

capacitor banks. The reactive support required by induction generators varies continuously as wind is, 

by nature, a variable source of energy.  Capacitors come in predefined steps and need to be switched 

off and on several times continuously to handle these variations. This recurring switching function 

puts pressure on the capacitor banks, switches and the life of the capacitors. Operation of capacitor 

banks in large enough steps introduces step voltage in the system which can affect the equipment 

connected to the grid. For induction machine wind generators, a large and frequent step voltage 

change introduces a torque or a twisting force on the gear box of the wind turbine, which increases 

wear and tear with every capacitor bank switching event [4]. 

There are many instances when the grid voltage rises higher than the limit and needs to be brought 

back down to the limit. Instead of reducing the voltages at these instances, capacitors increase the 

voltages causing further harm. This, then, requires inductive support to ensure continuity of operation. 

Alternatively, the grid faces extreme low voltage during events such as fault situations. Additionally, 

the transformers and other equipment connected to the grid consume reactive power from the grid, 

which is not always offset by just the capacitors. So what is the solution?  

By providing continuously variable capacitive and inductive support as needed and acting as a smooth 

integrator, STATCOM offers solutions to these issues. These are the major key benefits of FACTS 

over capacitors that are being currently used in wind farms. STATCOM systems are used to 

seamlessly integrate wind energy to the grid. They enable wind farms to look more like conventional 

power plants from the power grid’s perspective. This means that the voltage provided to the grid is 

always steady even when the wind slows and also additional benefits to wind farm owners in terms of 

longer life of the wind turbines reduced maintenance requirements and maximized power outputs by 

the implementation of STATCOM [5].  D-VAR system is deployed in more than 100 locations around 

the world, including over 70 wind and solar farms.  In many instances, local requirements dictate the 

use of such devices due to the unique nature of their grid systems. STATCOMs are advanced power 

electronics and control systems implemented at individual wind turbines [6, 7, 9]. During a grid high 

voltage situation the wind farms with only capacitors are likely to increase the voltage further, making 

the situation worse [8]. Additionally, the availability of the wind farms to the grid reduces as the 
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turbines require more maintenance. During the grid faults, wind farms without a dynamic reactive 

compensation device disconnect from the grid[10]. This can wreak havoc on the grid and can cause a 

very weak grid to collapse. The absorption or generation of reactive power depending upon the 

situation of the demand can be easily achieved by STATCOM.  

2.2. STATCOM 

The second generation of FACTS that is based on voltage source converters (VSC), known as 

STATCOM, has a very promising future application. It is recognized to be one of the key advanced 

technologies of future power system. STATCOM has several advantages of being compact, high 

response speed and no harmonic pollution etc 

The STATCOM and its variant, the D-STATCOM, are based on VSC, and so are voltage sources 

where amplitude, phase and frequency are entirely controllable. The dc bus capacitor applies a dc 

voltage at the input of the inverter. Its output is connected to the AC grid via an inductance. While 

adjusting the converter voltage (U2) with respect to the network voltage (U1), the converter can very 

quickly supply or absorb reactive power thanks to the gating signals set to the switches of the 

converter. The response time is mainly influenced by the switching frequency (typically 1 to 2 kHz) 

and by the size of the inductance. 

 

Fig. 3 Connection of a STATCOM at the Point of  Common Coupling 

 

In theory, the STATCOM can help mitigating the flicker due to variations of reactive power absorbed 

by induction machine-based wind farms. The reactive power required by the farm is evaluated and a 

controller drives the STATCOM inverter so as to generate the adequate quantity, permitting to reduce 

drastically reactive power flows towards the grid and therefore, the associated flicker. Fig. 3 

represents how STATCOM can be connected at the point of common coupling. 

III. CASE STUDY AND DISCUSSION 

A modified IEEE 16 node test bus system is selected to perform simulation as shown in Figure 4 and 

to analyze the system with wind integration it is assumed that, feeder 3 is also fed by Wind energy 

DG along with grid supply. 
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Fig. 4 IEEE 16 Bus Test System 

 

Fig. 5 MATLAB/ Simulink Model of the IEEE test system 

The Simulink model of the above mentioned IEEE test system is as shown in Figure 5.  For this 

position system is studied.   

Simulation was carried out for 20 sec to study the system behaviour. For this model simulation is 

carried out for the different case studies such as (i) with STATCOM with LLG FAULT (ii) without 

STATCOM with LLG FAULT (iii) With STATCOM without LLG FAULT and (iv)Without 

STATCOM without LLG FAULT.  To understand the system behaviour under fault a LLG fault is 

created to occur at 15 seconds at one of the wind turbine of the wind farm considered in the test case. 

To study the performance of the system the above said four different combinations of case studies 

were carried out.   

Interestingly improvement of voltage profile and overall performance is observed from the scopes 

when STATCOM is connected at the point of common coupling.  Fig.6 gives bus and wind turbine 

details for the case without STATCOM and with LLG fault.  Fig.7 depicts bus and wind 
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turbine details for the case without STATCOM and with LLG fault.  Fig 8 and 9 are the scopes 

depicting bus, wind turbine and STATCOM details with and without STATCOM respectively under 

faulty condition. 

 
 

 
 

Fig.6 Bus and wind turbine details for the case Without STATCOM  and with LLG fault 

 

Bus Details 
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Wind Turbine Details 

 
 

STATCOM Details 

 
 

Fig. 7 Bus, wind turbine, STATCOM details for the case with STATCOM with LLG FAULT 
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Fig 8.  Bus, wind turbine and STATCOM details for the case with STATCOM without LLG FAULT 
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Fig.9 Bus and wind turbine details for the case without STATCOM without LLG FAULT 

IV. CONCLUSIONS 

The comparative study of performance of wind farm integrated with grid for different cases were 

carried out in this paper and found that when STATCOM is connected at the  point of common 

coupling the overall improvement of the system performance. Ultimately the aim to improve the grid 

capacity without affecting the performance of the system is achieved.  

The results found were satisfactory from the case study. The scopes were compared with and without 

STATCOM and it is seen very clear that the improvement in the voltage profile when STATCOM 

connected. Hence it can be concluded that FACTS controller implementation plays a vital role in the 

improvement of overall performance of the power system. As the wind integration causes the system 

voltage deterioration, if a suitable FACTS controller is placed at the point of coupling helps the 

system to uplift the voltage and hence helps to maintain grid codes. With this test study it has been 

proven the uplift of voltage profile and fault ride through is possible with FACTS controller. The 

same has been planned to implement on a real system where in the problem of choosing the position 

of wind DG can be solved by simulation studies and finally will be able to maintain the grid codes. 
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ABSTRACT 

Nano technology has vast applications such as microscopic robots or travel inside the body to deliver drug or 

do micro surgery. One major requirement to carry out such activity is power. Here in my paper, I have studied 

the possible sources of power supply from within the body and supply from outside the body, their merits and 

demerits. I have studied the various factors and different situations that can influence the power requirements. 

KEYWORDS: Fiber based nanogenerators, piezoelectric effect, thermoelectric generator, microbial 

fuel cells, electrogenic bacteria. 

I. INTRODUCTION 

A nanorobot is a tiny machine designed to perform a specific task. Its dimension is in nano scale i.e. a 

few nano meters (nm) or less, where 1nm=10
-9

 meters. Nano robots are designed to perform at atomic 

or molecular level. 

The major application is in medical industry known as nanomedicine. There is a vast area of 

applications such as chemotherapy, pacemakers, biochips, insulin pumps, nebulizers, needleless 

injectors, hearing aids, medical flow sensors, blood pressure sensors, glucose monitoring, drug 

delivery systems.... and many more. 

One major requirement for nanorobots is a possible power source. It needs the power supply to move 

to the site of operation, to perform its functions at the site, at last after finishing, to exit from the body. 

There are various possibilities discussed below. The total paper is divided into two categories power 

source from within the body and from a source external to the body. Power source from within the 

body is divided into two main categories as self contained power supply and power from blood 

stream. Under each topic all the possible sources are studied. Similarly from a source external to the 

body is also divided into two major categories as using a physical connection and having no physical 

connection. Under these categories all the possibilities with their merits and demerits are studied. 

II. SELF CONTAINED POWER SUPPLY 

In this category we will see all the possibilities from where the nanorobots can get the power by itself. 

Each nanorobot should contain a power source within itself so that it can carry out its work smoothly. 

Various possibilities are discussed below. 
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2.1. Chemical Batteries 

We can simply carry a chemical battery directly on board. We can use conventional chemical 

batteries. The main disadvantage is its size. The ratio between power and size tells us we will not get 

the required power with this small size. 

 

2.2. Flexible power generator built on polymer substrate
 
[8][1] 

 

Highly aligned ZnO NW (Nano Wires)s have been grown using chemical synthesis. Figure 1(a) 

shows optical images of a large polymer substrate on which ZnO NW arrays were grown, which are 

clearly revealed by scanning electron microscopy image (Figure 1(b)). To improve the adhesion of the 

substrate with the NWs, a thin layer of polymer can be spanned onto the substrate after the growth, so 

that the roots of the NWs are partially embedded (Figure 1(c)). Electric energy can be generated using 

the designed experiment and electric output of ~10 40 mV has been achieved (Figure 1(d)). The 

piezoelectric power generators using ZnO NWs arrays on flexible plastic substrate might be able to 

harvest energy from the environment such as body movement (e.g., gestures, respiration, or 

locomotion). 

The ceramic or semiconductor substrates used for growing ZnO NWs are hard, brittle and cannot be 

used in the areas that require a foldable or flexible power source, such as implantable biosensors in 

muscles or joints, and power generator built in walking shoes. 

Two advantages may be offered by this approach. One is the cost-effective, large-scale solution 

approach used to grow ZnO NW arrays at a temperature lower than 80 °C. The other is the large-

degree of choice of flexible plastic substrates used for growing aligned ZnO NW arrays, which could 

play an important role in the flexible and portable electronics. 

 

2.3. Fiber-based nanogenerators  
 
The design of the nanogenreator is based on the mechanism of utilizing zigzag electrode, but we have 

replaced the zigzag electrode by an array of metal wires, as shown in Figure 2(a). By brushing the 

metal nanowire arrays across the ZnO nanowire arrays, the metal wires act like an array of AFM tips 

that induce the mechanical deformation to the ZnO nanowires and collect the charges. A unique 

advantage for ZnO nanowire arrays is that they can be grown at 80 °C on substrates of any shape and 

Figure 1: (a) Optical image of the polymer substrate on which aligned ZnO nanowires had been grown. (b) 

SEM image of the as-synthesized ZnO nanowires by a chemical approach. (c) SEM image of the as-

synthesized ZnO nanowires on a patterned substrate. (d) Electric energy can be generated and electric 

output can be achieved.[1] 
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Figure 2: The design and mechanism of the fiber-based nanogenerator as driven by a low-frequency, 

external vibration/friction/pulling force. (a) Schematic model of the naonogenerator. (b) Aligned ZnO 

nanowore arrays grown on surfaces of a fiber. (c) An SEM image of a pair of entangled fibers. The Au-

coated NWs ar the top serve as the conductive “tips” that deflect/bend the NWs at the bottom, a 

piezoelectric semiconduction couple process generates electric current. (d) Electric current generated by 

repeatedly sliding the two fibers.[1] 

any materials. In reality, the metal nanowire arrays were made by metal coating of ZnO nanowire 

arrays grown on Kevlar fiber (Figure 2(b)). The metal to be coated is required to form a Schottky 

contact with ZnO. Entangling the two fibers, one coated with Au and one without coating, sets the 

principle of the fiber-based nanogenerator (Figure 2(c)). A cycled relative sliding between the two 

fibers produces output current owing to the deflection and bending of the ZnO nanowires (Figure 

2(d)). This is the fiber-based nanogenerator , with potential for harvesting energy from body 

movement, muscle stretching, light wind, and vibration.[1] 

 

2.4. High voltage capacitors 
 

We know capacitors can store power and use gradually. But here the same problem exists. The ratio 

between power and size does matter. We will not get sufficient power in the limited size. 

 

2.5. Nuclear power source 
 

We can use an on board nuclear power source. We need a very little amount of power so shield given 

to the amount of fuel involved is easy. We can also use this for tracking the nanorobots because the 

casing should be hotter than the body temperature. Here there is no chance of running out of power. In 

a nano scale it is easy to shield and power conversion so it can be done practically. The major 

problem is to face the social objections to use such material inside the body. 

 

2.6. Thermoelectric generator 
 

Thermoelectric generator relies on the Seebeck Effect, which is about the electric potential observed fl 

owing between two dissimilar metals that form a junction and are at different temperatures. The 

voltage produced is proportional to the temperature difference between the two ends. The 

proportionality constant is known as the Seebeck coefficient, and often referred to as the 

thermoelectric power or thermo power. This is the physical basis for a thermocouple, which is used 
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often for temperature measurement. Seebeck coefficient of a material characterizes the magnitude of 

an induced thermoelectric voltage owing to a temperature difference present across the material. An 

applied temperature difference causes charged carriers in the material, whether they are electrons or 

holes, to diffuse from the hot side to the cold side, similar to a classical gas that expands when heated. 

Mobile charged carriers migrating to the cold side leave behind their oppositely charged and 

immobile nuclei at the hot side thus giving rise to a thermoelectric voltage. Thermoelectrics is one of 

the most exciting fields in nanotechnology [14]. One dimensional nanomaterials that have a small 

thermal conductivity but high electrical conductivity, such as Bi and BiTe, are very beneficial for 

improving the thermal power. Thermoelectric generator usually has a large size because of the 

requirements of maintaining a higher temperature difference between the two ends of the device. 

 

2.7. Vibration-based energy generation [15] 
 

Scientists have built vibration-based generators using three types of electromechanical transducers: 

electromagnetic, electrostatic, and piezoelectric. The electromagnetic microgenerator utilizes a 

moving magnet or coil for inducting and alternating electric current in a close circuit. Although some 

microgenerators have been fabricated at the scale of micro-electromechanical systems (MEMS), the 

technology tends to produce large structures ranging of 1 75 cm3, exploring vibration ranges from 50 

Hz to 5 kHz that induce mechanical oscillations between one-half micrometer and over one 

millimeter, and producing power from tens of µW to over a kW. A typical piezoelectric vibration-

based generator uses a double layered piezoelectric beam with a mass at the end (Figure 3).[1] The 

principle of this design is based on piezoelectricity, which is the ability of certain crystals to generate 

a voltage in response to applied mechanical stress. When the gravitation attracts the beam to bend 

downward, the upper piezoelectric layer is under tensile strain and the lower layer is under 

compressive strain, resulting in a positive and negative voltage, respectively, across the beam. The 

mass oscillates back and forth; an alternating voltage would be output. This approach has been the 

basic principle for converting mechanical vibration energy into electricity for microsystems. This 

energy generator is reasonably large so that gravitation plays a major role for drive the oscillation of 

the mass. This design has been one of the major microgenerators for mobile and wireless electronics. 

III. POWER FROM BLOOD STREAM 

3.1. From body temperature 
  

In this method body heat is used as a power source for our device. Here the device will use the entire 

body as a power supply. One major problem is body temperature differs in different places of the 

body. To make a power flow to the device it needs an energy gradient. The nanorobots are mobile 

devices inside the body, so to fulfill the requirements will be difficult. 

 

3.2. Using electrodes 
  

The nanorobots uses two electrodes mounted on its outside. This will combine with the electrolytes in 

the blood stream to form a battery. This would result in a low voltage but it is sufficient for our 

Figure 3:. Schematic diagram showing a piezoelectric vibration based generator for producing AC 

voltage output[1] 
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nanorobots. Major disadvantages are it would last until the electrodes were used up. In case of blood 

clot or arteriosclerosis it may not get the required power. If something is blocked to the electrodes to 

access bloods then also power cannot be generated. In such situation a backup is needed. 

 

3.3. Fuel cell by burning blood chemicals 
  

This is similar to a battery. In battery power is obtained from current flow between electrodes. In fuel 

cells we obtain power by causing a chemical reaction to take place at controlled rate. Fuel chemicals 

will be taken from the blood cells. The main disadvantages are same as using electrodes if the access 

to the blood is blocked power cannot be generated. 

 

3.4. Microbial fuel cells 
 

Micro-organisms can be used to transform bio convertible substrates directly into electricity, in which 

the bacterium acts as an anode and the electrons flow from the cathode through a resistor. The 

catalytic actions of micro-organisms have been used to produce electrical output from the different 

carbohydrates and complex substrates. The implantable direct glucose fuel cell can produce power 

output in the range of 50 µW, sufficient to supply a cardiac pacemaker. Animal trials of direct glucose 

fuel cells have shown durability of 150 days. Both glucose and oxygen are present in the cell and 

tissue of all eukaryotic organisms, including human beings. Therefore, it is possible to tap into the 

body’s own resources, including the metabolic properties of our cells, to generate enough energy to 

power an array of clinical devices, including drug delivery systems, diagnostic tools, and human 

augmentation devices.[16] 

 

3.5. Adenosine tri-phosphate energy converter 

 

Enzymes are proposed as an alternative to powering future nanomechanical devices. Possible 

nanoscale biological motor enzymes that could be used are inesin, RNA polymerase, myosin, and 

Adenosine tri-phosphate (ATP) synapse. The motors are fueled by ATP molecule, which consists of 

adenine, ribose, and three phosphate groups that are linked by covalent bonds. As the first phosphate 

group is removed, which is signaled by a coenzyme, a large amount of energy is released with the 

form of a reaction product called adenosine diphosphate (ADP). If a further amount of energy is 

desirable, the second phosphate group is released to create adenosine monophosphate (AMP). The 

energy created is made available to be used for chemosynthesis, locomotion (including muscle 

contraction in animals), and the active transport of ions and molecules across cell membranes. ATP is 

refueled by the rephosphorylation of ADP and AMP using the chemical energy generated from the 

oxidation of food. This concept leads to ATP serving as rechargeable batteries inside the human 

body.[1] 

 

3.6. Electrogenic Bacteria Fuel Bioreactors [17] 
 

MFC technologies use a relatively rare type of bacteria known as electrogenic bacteria, which transfer 

excess electrons produced by their central metabolism to the cell surface. “Most bacteria use organic 

compounds as nutrients, oxidizing the carbon source and generating electrons,” Qian says. “But most 

of these bacteria are insulators—they generate electrons but do not release them. They are needed in 

biosynthetic processes to produce biomass. Electrogenic bacteria have developed unique types of 

trans membrane proteins that deliver unused electrons to the outside, one by one.” 

This characteristic makes electrogenic bacteria excellent candidates for use in electricity-generating 

devices. MFCs use a pair of battery-like terminals (anode and cathode electrodes) connected to an 

external circuit and an electrolyte solution to conduct electricity. When bacteria physically attach to 

the anode, electrons generated in the interior of the cell are transferred to an external electrode, 

producing electrical current.  

Most of Qian’s research into electron transfer pathways has focused on Shewanella, a dissimilatory 

metal-reducing bacteria considered a model microbe for fundamental research. The bacterium, which 
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she used in the optimized micro-MFC study, is well understood and easy to identify, culture, and 

manipulate. But for all its great qualities, Shewanella is inefficient at generating power because it 

cannot completely oxidize organic compounds to maximize the energy extraction process.[17]  

IV. FROM A SOURCE EXTERNAL TO THE BODY (USING PHYSICAL 

CONNECTION) 

Here we need some sort of cable to carry power from outside the body to the nanorobots. The 

following things to be considered: 

● The cable must be thin enough to be fit in every blood vessel where nanorobots can enter. 

● The friction from outside should be low enough to allow the wire to move freely inside. 

● The cable should not cut the inner side walls of blood vessels. 

● It should be flexible enough so that it should not break in between. 

● I should be long enough so that it can reach to work site. 

● How the power should be transmitted? It can be by electricity or by light as a medium. 

   

4.1. Electricity as a medium 
  

If we use electricity, it needs a return path. i.e. we must deploy a two conductor cable or the body can 

be used as a return path. This is possible due to small amount of power. Another important aspect is 

heating of the cable and its surrounding area though blood can do the work of a radiator. 

Communication can also be made through these cables. 

 

4.2. Light as a medium 
  

It does not require a return path. If power is transmitted using light it can be used directly or can be 

converted into electricity. We need to consider about the diameter of the cable. A big disadvantage is 

to convert light to electricity; it should have some on board mechanism to do this. This requires more 

on board equipment. 

V. FROM A SOURCE EXTERNAL TO THE BODY (WITH NO PHYSICAL 

CONNECTION) 

Here some options are given to transmit the power to nanorobots without any sort of physical means. 

 

5.1. Using Microwave 

  

To use microwaves we need an antenna on board of nanorobots. Microwave energy is beamed to the 

body where it is taken by the antenna inside and converts to electricity. But most of the microwave 

energy is also absorbed by the body itself. So there is a chance of some damage. Again a large amount 

of this energy is converted to heat. 

 

5.2. Using Ultrasonic 
  

Ultrasonic can be used same as that of microwave but here heating effect will be less. The chances of 

damage inside the body will be less. We can use a piezoelectric membrane to receive the signals and 

convert them into electricity. This membrane can also be used as a communication device. 

The nanogenerator was fabricated with vertically aligned zinc oxide nanowire arrays that were placed 

beneath a zigzag metal electrode with a small gap. The wave drives the electrode up and down to bend 

and/or vibrate the nanowires. A piezoelectric semiconducting coupling process converts mechanical 

energy into electricity. The zigzag electrode acts as an array of parallel integrated metal tips that 

simultaneously and continuously create, collect, and output electricity from all of the nanowires. 

  

5.3. Using Induced Magnetic 
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The body is surrounded by a magnetic field. This field induces currents within a rotating closed 

conduction loop in the nanorobots which can be used for power. The frequency of the resulting power 

is dependent on the rotational speed of the pickup loop, and so alternating the rotational frequency 

would provide a communications path as well. 

VI. RESULT AND DISCUSSION 

I have studied various possibilities of power supply to the nanorobot inside the body. It is also seen 

that due to vary small size of nanorobots energy need also very less. Energy may not be required in 

the form of electricity it may be any other form also. It is very important that the amount of electricity 

needed should be controlled so that the tiny parts inside the nanorobot should not be damaged. So 

controlling the supply of power should be considered as an important part.  

Finally, the nanorobot should have a converter to convert to electricity from other form of energy e.g. 

light or chemical energy. It should also contain a controller to supply a steady amount of electricity to 

the robot. These parts should be incorporated with the nanorobots. Then the size of the robot should 

be taken care. Due to the size in nano scale it is too difficult to make these devises, but as chip design 

technologies are advancing it may be possible in near future. 

VII. CONCLUSION 

Blood flows throughout the body. So it is easier to move to a particular place along with blood flow. 

Nanorobots should be designed which can flow through blood stream.  The main difficulties lie in 

dealing with critical organs like brain, heart, kidney … etc. the start and end point should be fixed so 

that the covering area for nanorobots should be clearly identified. Depending upon the covering area 

and after finding out its criticalness, then only we can find the feasibility to give the mode of power 

supply to the device. Again what type of work will be carried out and how much questions will decide 

how much power needed to the nanorobots to accomplish its task. 

So at last it has been studied that various factors such as inside the heart, inside the kidney or inside 

the brain can influence the power requirement. Different types of power source can be given for 

different situation for example power source may be different in the muscles but the power source 

will be different inside the kidney or inside the heart. It may be more difficult when we deal with the 

nerves of neurons because they work on electricity signals.  Further, exact power requirement should 

be studied before applying any power source. 
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